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The perfection of garnet bubble materials

J. A. Pistorius, J. M. Robertson and W.T. Stacy

Some fifteen years ago, when U. Enz and C. Kooij were studying the magnetic domain
configurations in thin plates of BaFe12019 in a perpendicular magnetic field, they found
that there was a narrow field range in which a plate could be magnetized parallel to the

field except for a number of tiny cylindrical domains that were magnetized in the op-

posite sense. These cylindrical domains, now known as magnetic bubbles, have been
recognized as ideal carriers of information, and the preparation of magnetic films in
which such bubbles can move around freely remains the subject of a great deal of
research. The films are usually grown epitaxially on a nonmagnetic single-crystal sub-
strate. Two Philips teams are working on this subjeci. One is at Philips Research
Laboratories, Eindhoven, and is doing general research on the growth and perfection of
such magnetic films. The other is at Philips Forschungslaboratorium Hamburg, and is
concentrating on the problems that arise when films have to be made reproducibly within
the operational margins of practical device applications. The present article, by members
of the Eindhoven team, deals with this subject, concentrating on the materials that
appear most suitable: iron garnets, and on the method that looks most promising for

making the films: liquid-phase epitaxy.

Introduction

In certain ferrimagnetic materials the magnetization
has a strong preference for one crystallographic direc-
tion, owing to a uniaxial anisotropy of the material.
A thin plate of such a material, cut from a single crystal
and perpendicular to this direction, separates into
snake-like domains of opposite magnetization ( fig. /a).
In a slowly increasing magnetic field in the preferred
direction (i.e. perpendicular to the plate), the domains
of antiparallel magnetization shrink, the others grow
(fig. 1b). At a certain stage only separate, small,
cylindrical domains magnetized antiparallel are left
(fig. 1¢). These are the well known ‘magnetic bubbles’.
At a further stage these also collapse, and the slice
is completely magnetized in the direction of the
field 111,

Recently magnetic bubbles have been recognized as
ideal carriers of information [2l. Under favourable
conditions they are extremely mobile, stable entities of
only a few microns in diameter that can easily be
generated, moved around and annihilated. Magnetic-

J. A. Pistorius, Dr J. M. Robertson and Dr W. T. Stacy are with
Philips Research Laboratories, Eindhoven.
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Fig. 1. Magnetic domains in a thin plate of a magnetic material
with a strong preference for magnetization perpendicular to the
plane of the plate. Above: top view, below: cross-section of the
plate. In the absence of an external magnetic field the plate is
equally divided between domains of opposite magnetization (a).
In an increasing field Ho perpendicular to the plate the domains
of antiparallel magnetization shrink (), until only small, cylin-
drical domains (‘magnetic bubbles’) are left (c).

(11 C. Kooy and U. Enz, Philips Res. Repts. 15, 7, 1960.

(21 A. H. Bobeck, R. F. Fischer, A. J. Perneski, J. P. Remeika
and L. G. Van Uitert, IEEE Trans. MAG-5, 544, 1969.
See also A. H. Bobeck and H. E. D. Scovil, Sci. Amer. 224,
No. 6, 78, June 1971.
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bubble memories, in which each bubble would carry
one bit of information,
memory capacity and access rate that compares favour-
ably with memories available now. Fig. 2 shows one
way of moving bubbles around in a well defined
manner, and in fig. 3 a laboratory model of a magnetic-
bubble memory is shown.

The primary problem in this field of research is that
of preparing the ‘plates’ that carry the bubbles. A
stable bubble of one or a few microns in diameter can
only exist in a plate a few microns thick. Many imper-
fections that are not much smaller than the bubble
itself tend to pin it, impeding its motion. The plate
should therefore be a perfect single crystal and its
faces should be perfectly flat and parallel. At present
the most promising answer to this problem is to grow
a single-crystal magnetic film epitaxially on a non-

promise a combination of

magnetic single-crystal substrate, and the most promis-

ing materials to be used are iron garnets for the
magnetic film combined with nonmagnetic garnets for

the substrate.

:HTHT 0
:HTHT -
Il @
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Fig. 2. To move a bubble in a well defined manner through a
magnetic plate, strips of permalloy, in the form of tees alternating
with bars, are applied to the plate. In a circularly polarized in-
plane field H; the bubble progresses steadily, always seeking the
closest north pole.

J. A. PISTORIUS et al.

Philips tech. Rev. 35, No. |

Of the various techniques for growing epitaxial
garnet films, liquid-phase epitaxy Y1 has been the
most successful to date. It consists in dipping a
polished substrate slice in a melt that is supersaturated
to the appropriate degree with the required oxides.
With due precautions the iron garnet will nucleate on
the substrate surface where it will grow as a single-
crystal thin film. Growth rates are of the order of 1 pm
per minute. In fig. 4 a substrate in its holder is shown
as it is lowered into a furnace containing the melt.

In this article we shall discuss some of the problems
connected with this method of making perfect garnet
bubble materials. We shall deal first with the substrate
and its possible imperfections, then with the liquid-
phase epitaxy itself. Many considerations and param-
eters such as the specifications drawn up by the device
engineer, the composition of the film, its degree of
perfection, the composition of the solution from which
the film is to grow, its degree of supersaturation, and
the growth temperature are all closely interlinked in
liquid-phase epitaxy. Important precautions are a tight
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Fig. 3. A laboratory model of a magnetic-bubble memory [31.
The circuit is about 1 x 1 mm. Bubbles are generated from under
the permalloy square at lower right, and annihilated at the other
‘specks’. They can be manoeuvred along the tracks and into and
out of the loops by the alternate use of clockwise and counter-
clockwise rotating in-plane fields. The actual memory is in the
six loops on the right hand side. The pattern at the upper left is
for detecting the bubbles. They are stretched into strip domains
by the pattern of ‘chevrons’ and give a change of resistance in the
wire when they pass it.
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GARNET FILMS FOR

Fig. 4. A platelet of a gadolinium-gallium-garnet single crystal
is lowered into a melt, to be covered epitaxially with a magnetic
garnet film (‘liquid-phase epitaxy’).

control of the growth temperature and the convection
currents in the melt. One kind of imperfection, that of
inhomogeneous incorporation of lead from the solvent
in the film, will receive special attention.

Substrate

In general, a perfect film can only be grown on a
perfect substrate. Physical defects in the magnetic film
such as mechanical strain and dislocations originate
primarily in the substrate. Therefore we shall consider
the substrate first.

Fig. 5. A boule of gadolinium gallium garnet (GGG), grown by
the Czochralski technique.

BUBBLE MEMORIES 3

One widely used substrate is gadolinium gallium
garnet, GdzGas0i2. usually called GGG. Single
crystals of this material can be grown by the well
known Czochralski technique, in which the crystal,
starting from a seed, is slowly pulled from the molten
material [51. Boules 2 cm in diameter and several centi-
metres long are regularly produced in this way ( fig. 5).
Substrate platelets 0.5 mm thick are sawn from the
boules in the appropriate orientation, usually (111).
The platelets are mechanically polished, etched and
cleaned. Some common defects in these crystals are
dislocations, facet regions and growth striations. These
defects, which we shall now shortly discuss in turn,
can all interfere with the epitaxial layer.

Dislocations

A dislocation that intersects the surface is replicated
by the epitaxial layer, and may become a pinning point
for the bubbles. Dislocations in garnets, however, are no
great problem, since dislocations do not readily occur
naturally in garnets. The elastic energy associated
with a dislocation in a given crystal lattice is pro-
portional to the square of the lattice constant. Now in
garnets the lattice constant is 1.24 nm, which is very
large compared with that of, say, silicon (0.542 nm).
Thus, the nucleation energy of a dislocation in garnet
is relatively large. At present, Czochralski-grown GGG
is readily prepared with a dislocation density less than
d e,

Dislocations in garnets are of three types: isolated line defects,
closed loops and helices. The helices [6] in particular are of such
an intricate structure that we will consider them here briefly.
Fig. 6 is a photograph of an X-ray reflection topograph [7] of a
GGG platelet showing a longitudinal section of a giant dis-
location helix. The diameter of the helix is 250 p.m. The platelet
is a longitudinal section of a boule cut parallel to the [111] axis.
Fig. 7a is an X-ray transmission topograph of several of the
helices viewed end-on, along their axes. The platelet thickness is
just sufficient to contain one or two turns of the helix. A radial
spoke structure is also visible. In the reflection topograph of
fig. 7b this structure only appears in a triangular sector inside
the helices. This implies that the spoke structure lies on the heli-
coidal surface of the helix; the reflection topograph reveals only
the portion of the helicoid that rotates down through the X-ray
penetration depth (about 5 pm in this particular case). Thus the
total defect is rather like a helical staircase with the dislocation
as the handrail and the radial spokes corresponding to the steps.

31 'W. F. Druyvesteyn, F. A. Kuijpers, E. de Niet and A. W. M.
van den Enden, IEEE Trans. MAG-10, 757, 1974 (paper
presented at Intermag Conference, Toronto 1974).

H. J. Levinstein, S. Licht, R. W. Landorf and S. L. Blank,
Appl. Phys. Letters 19, 486, 1971.

See for example J. Goorissen, Philips tech. Rev. 21, 185,
1959/60.

61 J. W. Matthews, E. Klokholm and T. S. Plaskett, AIP
Conf. Proc. 10, Part 1, 271, 1973.
W. T. Stacy, J. A. Pistorius and M. M. Janssen, J. Crystal
Growth 22, 37, 1974.

7

A. E. Jenkinson, Philips tech. Rev. 23, 82, 1961/62.
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The mechanism responsible for the large helices is believed to
be the precipitation of a second chemical phase that occurs
preferentially at the dislocation 1. A colony of precipitate
particles that form inside the helix as the dislocation grows is
considered to be the source of the radial-spoke contrast.

Domain-wall pinning due to the helices has been reported [V,

Facet regions

When the interface of a crystal with the melt is too
curved during the growth of the crystal, facets appear
in the interface at places where it would be tangential
to certain crystallographic planes. Garnet forms (112)
and (110) facets. They develop into ‘facet regions’ in
the boule; growth striations in these regions are thus

Philips tech. Rev. 35, No .1

Fig. 6. X-ray reflection topo-
graph of a GGG platelet show-
ing a dislocation helix in long-
itudinal section. The helix has
a diameter of 250 ym.

perfectly straight [101 (see fig. 8a). Facet regions in a
platelet of GGG can be detected by X-ray topography
or microscopy with polarized light.

A facet region in a substrate platelet interferes with
the epitaxial film because it has a slightly larger lattice
constant than the remainder of the crystal ['1l. This
causes the epitaxial layer to deform slightly to match
this change; the result is a region with different mag-
netic properties 121, Fig. 86 and ¢ show some typical
facet regions, and demonstrate the local deviation in
the lattice constant.

Like dislocations, facet regions do not form a serious
problem today. They can be completely eliminated

Fig. 7. «) Transmission topo-
graph, b) reflection topograph
of helices viewed end-on; (a)
comprises several turns of the
helix, (b) only part of one rota-
tion. This explains why the
spoke structure, assumed to lie
in the helicoidal surface of the
helix, is shown around the com-
plete circle in (a), but only in a
triangular section in (b).
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Fig. 8. Facet regions. a) Longitudinal section of a boule, schematic. F facets, FR facet regions
characterized by perfectly straight growth striations. b) and ¢) Double crystal-reflection topo-
graphs of a platelet of GGG containing facet regions, showing that these regions differ in
lattice constant from the remainder of the crystal. When regions appear dark, they are
strongly diffracting, and the lattice constant of these regions can be deduced from the orien-
tation of the platelet. The parts that appear dark in (¢) are facet regions. The difference in
orientation of the platelet between the two cases (52”) indicates a relative difference in lattice

constants of 1.5 104,

from the bulk of the boule by ensuring that the growth
interface is nearly flat. This is done by carefully adjust-
ing the pulling rate and the rate of rotation of the
crystal about the vertical axis.

Growth striations

Growth striations form the one type of imperfection
common to all GGG crystals currently available. The
exact origin of growth striations in garnets is unknown.
As in germanium and silicon, they are usually attri-
buted to growth-rate fluctuations that cause localized
compositional changes, which in turn lead to detectable
bands of strain. They thus form a record of the history
of the shape of the growth interface.

Fig.9. X-ray reflection topo-
graphs of a GGG platelet cov-
ered with an epitaxial film, /eft:
substrate reflection, right: film
reflection. The shape of the pat-
tern of striations in the left-
hand picture indicates that the
growth faces giving rise to the
striations are nearly parallel to
the platelet surface. Because of
this, they do not deform the
film, as is shown by the right-
hand picture. Deformations in
the film due to facet regions in
the substrate are apparent on
the left of the right-hand picture.

The striations would obviously have no influence on
the epitaxial film if they were flat and parallel to the
substrate surface. But perfectly flat striaticns can only
be obtained on certain facet planes (the natural facet
faces) and, in the case of garnets, never in the (111) or
(100) planes preferred for bubble-domain substrates.
Nearly flat striations that are nearly parallel to the

81 W. T. Stacy et al. 161,
E. Nes, Scripta met. 7, 705, 1973.
197 W, T. Stacy and U. Enz, IEEE Trans. MAG-8, 268, 1972.
1101 J. A. M. Dikhoff, Philips tech. Rev. 25, 195, 1963/64.
111 H. L. Glass, Mat. Res. Bull. 7, 1087, 1972.
B. Cockayne, J. M. Roslington and A. W. Vere, J. Mat. Sci.
8, 382, 1973.
[121 H. L. Glass, P. J. Besser, T. N. Hamilton and R. L. Stermer,
Mat. Res. Bull. 8, 309, 1973.
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substrate surface, however, hardly affect the epitaxial
film either, as is shown in fig. 9. This is because the
film is sensitive to in-plane strains only, whereas the
maximum displacement associated with a striation is
perpeadicular to its plane. Nearly flat striations mean
a nearly flat growth interface, which is required in any
case to prevent facet regions from occurring, as we
saw above.

The growth technique; the solvent

The apparatus we use for growing garnet films by
liquid-phase epitaxy is shown schematically in fig. /0.
The melt is contained in a platinum crucible in a very
precisely controlled constant-temperature zone in a
furnace at about 900 °C. When equilibrium has been
established in the melt, the substrate is slowly lowered
into the furnace. It is held for a few minutes just above
the surface of the melt to make sure that it will have
the same temperature, then quickly immersed in the
melt. After the required period of time for film growth
the specimen is removed from the melt.

The key to the success of the whole technique is the
ability to cool the solution of the garnet constituents to
more than 20 °C below its saturation temperature
without the spontaneous nucleation of garnet crystals
or other phases in the mzIt. One of the most successful
solvents making this possible has been PbO/B2O3 in a
50 : 1 weight ratio 131, It has the disadvantages of
being corrosive, poisonous and volatile. The apparatus
must therefore be provided with a fume extractor.

The solution must also have a low viscosity at the
growth temperature, so that no droplets adhere to the
sample when it is removed. These would result in
mesas and etch pits on the film, spoiling its surface.
This requirement of low viscosity is also met when
PbO/B20s3 is used as a solvent.

The substrate is usually in a horizontal position when
dipped into the melt. It is then rotated at a speed of,
say, 30 rev/min during growth. After removal from the
melt the speed is increased, to spin off any remaining
flux 141, Experiments have also been made both at
Philips Research Laboratories and at Philips For-
schungslaboratorium Hamburg (PFH) with the sample
in the vertical position, without rotation during film
growth 151 This method has the advantage of being
much better suited to dipping a few (and in the future
perhaps many) substrates together.

With vertical dipping, however, more attention has
to be paid to the problem of convection currents in the
melt. If these are not controlled, unacceptable varia-
tions in thickness of the film all over the sample are
bound to arise. It has been shown at Philips Research
Laboratories that variations of more than 59, (0.25 p.m

Philips tech. Rev. 35, No. 1
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Fig. 10. Diagram of furnace for liquid-phase epitaxy. The
substrate platelet S, to be dipped in the melt in the platinum
crucible C, is drawn in the horizontal position; a vertical position
has also been used. Temperature and temperature gradients are
controlled by three separate heating zones /,2,3. T thermo-
couples. Convection currents in the vapour are reduced by plat-
inum baffles B. With the help of the triple-zone heating and the
baffles the convection currents in the melt can effectively be
controlled. A fume extractor (F) is a necessity, since the melt is
a corrosive volatile poison.

in a S5-pm film) interfere with the movement of the
bubbles 161, Using furnaces with three heating zones
and baffle systems (B in fig. 10), we have been able to
control the convection currents adequately. The effect
can be seen by comparing fig. //a and fig. 11b showing
interference fringes due to variations in thickness. In
growing the film of fig. 11a, the convection currents
were controlled, in that of fig. 115 they were not.

The choice of the growth temperature 7 is closely
linked up with the composition of the melt. These two
quantities determine the ‘degree of supersaturation’
AT, i.e. the difference between 7y and the saturation
temperature 7 of the solution. But the crystal grower’s
choice of oxides to go into the melt can of course only
be made after he has decided the composition of the
film. This problem will be discussed first.

The required chemical composition of the film

The composition of the film is governed by the
requirements of the device engineer. For a magnetic
bubble memory with bubbles of 2-5 um in diameter, for
instance, a material is required with a saturation mag-
netic polarization Js of about 15 mT (in the Gaussian
system: saturation magnetization 4nMg of about
150 gauss). Moreover, this parameter must be fairly
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Fig. 11. Effect of the control of
convection currents in the melt.
The two samples, one (a) pre-
pared with and the other (b)
without convection-current con-
trol, are illuminated with sodium
light. The interference fringes in
(b) indicate a much larger varia-
tion in thickness than in (a).

a

temperature-independent in the operating range of
0-80 °C.

The required temperature-independence is obtained
by a method developed several years ago for micro-
wave garnets. If for example in YIG the yttrium ion
(occupying the dodecahedral sites in the crystal) is
replaced by some other rare-earth ion, e.g. gadolinium,
then below the Néel temperature 7'x a compensation
temperature 7, can be observed at which the polariza-
tion again goes through zero ( fig. /12). The value of
Tep depends on the type of rare-earth ion and its con-
centration. At the correct composition 7¢p and 7'x will
be evenly spaced about the room temperature. The Js, T
curve will then be more or less flat in the region of

4T
¢ x=3:0

0.3+
Is

02

0.1

x=12
f i
00 100 200 300 400 500 600K
T;pl 7-cp2 7-N

g T

Fig. 12. The saturation magnetic polarization Js of a ferrite can
be zero at two separate temperatures. The higher one is the Néel
(or Curie) temperature T'x. The lower is the compensation tem-
perature Tcp, where the magnetizations of the magnetic sublat-
tices compensate one another exactly. In iron garnets 7¢p can be
varied strongly by substituting different ions at the dodecahedral
sites. As an example the figure shows the Js,7 curves of
Gd;Y3-.Fe;012 for x = 1.2 and x = 3.0. By choosing Tcp as
far below room temperature as Ty is above it, the polarization
can be made nearly temperature-independent in the room-
temperature range.

FOR BUBBLE MEMORIES T

room temperature. Usually, however, the room tem-
perature value of Js of such mixed iron garnets is too
high. This can then be remedied by diluting the garnet
magnetically, i.e. replacing some of the iron ions (oc-
cupying octahedral and tetrahedral sites in the crystal)
by nonmagnetic ions such as gallium or aluminium.
Replacement of iron ions also affects 7¢p, and is in fact
also used to obtain a temperature independent Js.

The film must also have a uniaxial anisotropy,
giving the magnetization the required preference for
the direction perpendicular to the film. This can be
achieved by using ‘growth-induced anisotropy’. An
anisotropy of this kind and of the right order of magni-
tude can be obtained when rare-earth ions of different
radii are combined in the film [171. Moreover, if S-state
ions are chosen such as La, Y or Gd, the bubbles in the
film have the highly desirable property of being
extremely mobile. The origin of the growth-induced
anisotropy is not yet fully understood [18].

A film may also have a ‘stress-induced’ anisotropy.
This occurs when the lattice constants @y and ag of film
and substrate are not quite equal ['?. The difference
however remain smaller than

Aa = as — ay must

0.002 nm if crack-free films are to be obtained 131,

[131'S. L. Blank and J. W. Nielsen, J. Crystal Growth 17, 302,
1972.

141 E. A. Giess, J. D. Kuptsis and E. A. D. White, J. Crystal
Growth 16, 36, 1972.

1151 W, Tolksdorf, G. Bartels, G. P. Espinosa, P. Holst,
D. Mateika and F. Welz, J. Crystal Growth 17, 322, 1972.

(161 W. F. Druyvesteyn, J. appl. Phys. 46, 1342, 1975.

171 J., W. Nielsen, S. L. Blank, R. L. Burns and W. A. Biolzi,
paper presented at the AIME Conference on Electronic
Materials, Las Vegas 1973.

[18] E. M. Gyorgy, M. D. Sturge, L. G. Van Uitert, E. J. Heilner
and W. H. Grodkiewicz, J. appl. Phys. 44, 438, 1973.

A. Akselrad and H. Callen, Appl. Phys. Letters 19, 464, 1971.
W. T. Stacy and C. J. M. Rooymans, Solid State Comm. 9,
2005, 1971.

191 p, J. Besser, J. E. Mee, P. E. Elkins and D. M. Heinz, Mat.

Res. Bull. 6, 1111, 1971.
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a b

c

Fig. 13. Surface (a) and cross-section (b) of a film that has been grown at too high a degree of
supersaturation. As a result individual crystals have formed on the film. ¢) Cross-section of a

film made at a lower degree of supersaturation.

These photomicrographs were made with a

scanning electron microscope; magnification 2000 . (Photograph J. L. C. Daams.)

Therefore only a limited use can be made of stress-
induced anisotropy. In fact, it is often decided not to
use it at all, and to make Aa as small as possible. This
is our last main requirement for the film composition:
its lattice constant should fit that of the chosen sub-
strate.

We should note here that with gallium-arsenide epi-
taxy, for example, a slight lattice misfit between film
and substrate very easily leads to the formation of
‘misfit-dislocations’ in the film. This is not the case
with garnet epitaxy, since, as noted earlier, dislocations
do not easily occur in garnet owing to its large lattice
constant (see p. 3).

A film composition that we have found to satisfy the
requirements discussed above, for bubbles of 2-5 um
in diameter and to be combined with GGG as a sub-
strate, is Yo.9Lag.1Fes.8Gai.201s.

Growth temperature and composition of the melt

First of all, we should mention that there is an upper
limit to the growth temperature. It must not be too
high, because of the possibility of interdiffusion be-
tween iron from the magnetic layer and gallium from
the substrate, which would spoil the sharpness of the
interface. It has been found that below 1000 °C this
diffusion is sufficiently slow for a perfectly sharp inter-
face to be obtained if the substrate is GGG. With other
substrates such as SmgGas;O12 or NdszGasO;2 the
growth temperature should be kept even lower, to avoid
this risk. As a general rule, the larger the ionic radius
of the rare-earth ion in the substrate garnet, the easier
for the diffusion to take place and hence the lower the
value that should be chosen for the growth temperature.

Secondly, the degree of supersaturation A7 should
not be more than about 20 °C. If it is higher, spon-

taneous nucleation of garnet crystals may occur. Such
individual crystals in the film itself will of course spoil
it. Fig. 13a shows the surface, and fig. 13b the cross-
section, of a film containing such crystals; the perfect
film of fig. 13¢ was made at a lower value of A7. How-
ever, even if the spontaneous nucleation only took
place in the melt away from the film, or on the walls of
the crucible, it would still be highly undesirable because
it would change the composition of the melt. Thus AT,
and therefore the growth rate, would be affected. This
cannot be tolerated if films of uniform thickness are
to be made reproducibly.

From these limitations on 7'y and AT, it follows that
the saturation temperature 7 is also limited, to around
1000 °C. This would imply that the amount of oxides
in the melt must not be more than about 6 mol?%,. In
practice, we use concentrations of I to 2 mol %, result-
ing in values of 7 and Ty in the region of 700-900 “C.
At these lower growth temperatures the film thickness
is more easily reproduced [20],

Having decided upon the chemical composition of
the film and the growth temperature, the crystal grower
would be able to calculate directly the required amount
of oxidesin the melt, if he knew the segregation coefficient
of each garnet constituent, i.e. the ratio of its concen-
tration in the melt to that in the film, at the growth
temperature. In the earlier work on garnet liquid-phase
epitaxy, such data were only available for bulk single-
crystal growth, which is normally performed at about
1100 °C. For the much lower temperatures required in
liquid-phase epitaxy, the data could only be guessed by
extrapolation. From such extrapolation it can be seen
that the range of compositions that will lead to the
crystallization of the garnet phase only, without any
simultaneous nucleation of magnetoplumbite or ortho-
ferrite, is very narrow ( fig. /4). In the meantime several
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segregation coefficients have also, been obtained for
the temperature range in which liquid-phase-epitaxy
is performed (22},

Lead incorporation in garnet films

A disadvantage of any method of growing crystals
from a solution is the incorporation of solvent ions in
the crystal. Garnet films, as prepared in the way dis-
cussed in this article, always contain some lead (23],
The Pb2+ ions are grown into the dodecahedral sites
of the lattice, i.e. the sites normally occupied by rare-
earth ions [241, This fact is of importance in the first
place because the Pb2+ ion, being a very large ion,
vsually increases the lattice constant of the film. It

0
8 20 40 60 80 100% 20,
1VsFes0p

Fig. 14. Upper part of the phase diagram of the system
Pb0/0.1B203-Fe203-} YaFes012, after H. D. Jonker [21), The
solid lines represent the molar compositions of the melt at which
the saturation temperature has the indicated value, and also the
boundaries between the regions where magnetoplumbite (a),
garnet (b) and orthoferrite (c) will crystallize from the melt when
the temperature is lowered below the saturation temperature.
These data represent what is known from bulk crystal growth,
which usually takes place at temperatures above 1000 °C.
Extrapolation of the boundaries between a, b and ¢ shows that
there can only be a very narrow region (shown grey) from which
garnet can be obtained at temperatures well below 1000 °C, as
required for liquid-phase epitaxy.

therefore influences the choice of the film composition
which, as we have seen before, must be such that the
film and substrate lattices match. Secondly, there is
evidence that the growth-induced anisotropy is related
to the incorporation of lead.

At Philips Research Laboratories the incorporation
of lead in garnet films and its effect upon the magnetic
properties of the film have been studied in some detail,
using the method of chemical analysis by radioactive
tracers [28], This technique is useful because it can dis-
tinguish ions in the film, e.g. Ga or Gd, from the same
kind in the substrate. This makes accurate chemical
analysis of very thin films (even down to 0.1 um)
possible_ where other methods (electron microprobe,
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spectrochemical analysis) would be confused by the
presence of the substrate.

For this work special long-lived isotopes were used
so that the measurements could be performed over a
period of weeks. These isotopes were made at the
Netherlands reactor centre (RCN) in Petten.) The iso-
topes were added to the melt, and after the specimen
was prepared in the normal way, its radioactivity was
measured. Up to five elements in one film could be
analysed simultaneously with the spectrometer and
analyser that we used for this work.

In this way we have studied in detail how the amount
of lead in the film depends upon the growth tempera-
ture (T'z) and the growth rate (Rg). Our results suggest
that less lead will be incorporated if Tg is higher (as
has been reported before [26]) and if Rg is lower [27],
Thus, to prevent the incorporation of lead in the
films, a high Ty and a low Ry should be used. Now a
relatively low T should be used if film thickness is to
be reproduced accurately, as we have seen above. Our
results imply, however, that the low T thus required
could be compensated in its effect upon the lead
content by the use of a very low growth rate. We
have indeed succeeded in making good-quality film,
using growth rates that range from 0.1 pm/min to
0.1 pm/hour [28],

We have also studied the concentration of lead as a
function of film thickness. The results are related to the

- problem that the thickness of a film as measured by

optical interference always differs slightly but systemat-
ically from the result obtained by mechanical meas-
urements. It has been pointed out by R. Ghez and
E. A. Giess that this can be explained by a change of
refractive index in the film because of the presence of
lead 291, This is confirmed by our measurements. We
have measured the lead content in films of YIG grown
on substrates of GGG, of widely varying thicknesses,
by using widely varying deposition times.

[20] R, Ghez and E. A. Giess,J. Crystal Growth 27, 221,
1974.

(211 H. D. Jonker, J. Crystal Growth 28, 231, 1975.

(221 G. A. M. Janssen, J. M. Robertson and M. L. Verheijke,
Mat. Res. Bull. 8, 59, 1973. See also the articles of notes
[13] and {15].

[231 B, A. Giess, B. E. Argyle, D, C. Cronemeyer, E. Klokholm,
T. R. McGuire, D. F. O’Kane, T. S. Plaskett and V. Sadago-
pan, AIP Conf. Proc. 5, Part 1, 110, 1972. ~

(2413, M. Robertson, S. Wrttekoek Th. J. A. Popma and
P. F. Bongers, Appl Phys. 2, 219, 1973.

(261 G, A. M. Janssen et al. [28],

[26] §. L. Blank, B. S. Hewitt, L. K. Shick and J. W. Nielsen,
AIP Conf. Proc. 10, Part 1, 256, 1973.

1271 J, M. Robertson, M. J. G. van Hout, J. C. Verplanke and
J. C. Brice, Mat. Res. Bull. 9,.555, 1974.

(281 S, Wittekoek, T.'J. A. Popma and J. M Robertson, ‘AIP

- Conf. Proc. 18, Part 2, 944, 1974-

[291 R. Ghez and E. A. Giess, Mat. Res. Bull. 8,,31;,_ 1973.
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The result of this work, for two experiments in which
different. values of Ty were employed, is shown in
fig. 15. Tt can be seen that the lead concentration
depends upon film thickness and is greatest for the
thinnest films. It therefore follows that’in all of the
films the lead concentration is likely to be greatest near
the interface.

This fact may be explained by supposing that just
after immersion of the substrate into the melt a tran-
sient period is required for the film growth to attain
stability. In this period the deposition of lead could
easily be greater than normal. The extent to which this
‘imperfection’ of the film affects the behaviour of the
bubbles, if at all, has yet to be investigated. We have
found that the transient period can be shortened by
using higher growth temperatures, and also by rotation
of the sample during growth.

14%

12

T,=818°C

: Ty=944°C

| 1 |
10 20 30min

—_—ty

QQ

Fig. 15. Percentage weight of lead (Weyp) in YIG films grown on
GGG substrates, as a function of the deposition time ¢4, at two
growth temperatures. The films were analysed with the aid of
radioactive tracers.
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In conclusion, then, we can sum up by saying that
we have made considerable progress in our knowledge
of the various factors that influence composition,
uniformity of thickness and perfection of films for
magnetic bubbles. Taking full account of all these
factors we are now able to produce films with proper-
ties as required for magnetic-bubble devices. However,
several questions remain unanswered, and further
investigations, in close cooperation with PFH, are
therefore being made.

Summary. Magnetic-bubble memories require high-quality films
with special magnetic properties. The most promising method
of making such films is to grow an iron garnet single-crystal layer
epitaxially on a single-crystal substrate platelet of a nonmagnetic
garnet such as gadolinium gallium garnet. Substrate platelets
are cut from boules grown by the Czochralski technique. The
common defects in substrate crystals are dislocations, facet
regions and growth striations. The first two present no major
difficulties today, and growth striations are harmless when
parallel to the substrate face. Dislocations may have an intricate
helical structure. In liquid-phase epitaxy the substrate is dipped
in a melt, usually of PbO/B203 (50 : 1), supersaturated with the
required garnet oxides. The convection currents in the melt must
be tightly controlled to obtain films of uniform thickness. The
composition of the film is governed by the requirements of a
temperature-independent saturation magnetization 4mzM;s of,
say, 150 gauss, a certain uniaxial anisotropy, and a fit of the
lattice constant of the film to that of the substrate. The quantity
of oxides in the melt is limited to about 6 mol%,, because the
growth temperature must remain below 1000 °C (to prevent
interdiffusion between iron in the film and gallium in the sub-
strate), and the degree of supersaturation within some 20 °C
(to prevent the spontaneous nucleation of crystals). In practice
concentrations of 1 to 29 are used. Some lead from the solvent
is always incorporated in the film, It affects the lattice constant
and the anisotropy. The quantity and distribution of the lead
has been studied by chemical analysis with radioactive tracers.
The results suggest that little lead is incorporated when the
growth temperature is high and the growth rate is low. They also
show that the lead concentration is greatest near the interface
with the substrate.




Philips tech. Rev. 35, 11-14, 1975, No. 1

11

AY

The ‘puSh-pu]l’ spiral-grqove bearing —
a thrust bearing with self-adjusting internal preloading

The family of spiral- and helical-groove bear-
ings 131 developed by Philips has recently been
extended by a new type: a bearing that can take up
_ thrust in either direction along the axis without the
need for external preloading. We call it the ‘push-pull’
bearing. .

As the earlier articles have shown, the grooves in a
spiral-groove bearing pump the lubricant — often just
the ambient air — between the moving surfaces,
producing an overpressure and hence an upward thrust
or lifting force (figs. Ia,b). The bearing surfaces conse-
quently take up‘a position with a spacing that gives
equilibrium between the lift and the load. The load
capacity of the bearing increases as the speed of rota-
tion is increased.

In the new bearing the moving surfaces are provided
with two sets of grooves [4), rather than a single set.
The two sets of grooves are of opposite sense and are
quite different in size; the depths of the grooves, for
example, differ by a factor of about five. Because the
spirals are of opposite sense, the lubricant provides an
overpressure in one part of the bearing and an under-
pressure in another part (fig. 1¢). The underpressure
creates an internal ‘load’ that balances the lift at a
particular spacing between the surfaces. By paying
careful attention to the differences between the two
patterns of grooves, it is possible to make the stiffness
of the bearing sufficiently large even though no external
load is applied. The dimensions for the grooves can be
calculated from the theory of spiral-groove bearings!5),

Fig. 2 shows an interesting possible application for
such a bearing. This is a rotor with gas bearings that
would be suitable for a gyroscope; since the two sets of
spirals produce a push-pull action, only one thrust
bearing is required. This has the great advantage that
no serious problem is introduced by the thermal
expansion of the rotor, which can often be a nuisance
when thrust bearings are mounted at both ends.

Another kind of application, which we shall discuss
here to give a better understanding of the design of the
new bearing and its stiffness, is in a device for making

011 E. A. Muijderman, New forms of bearing: the gas and the
spiral groove bearing, Philips tech. Rev. 25, 253-274, 1963/64.

(21 G. Remmers, Grease-lubricated spiral groove bearing for a
straight-through shaft, Philips tech. Rev. 27, 107-108, 1966.

31 G. Remmers, Grease-lubricated helical-groove bearings of
plastic, Philips tech. Rev. 34, 103-105, 1974.

(41 The first version of such a bearing was designed by

+ J. P. Reinhoudt in 1972 at Philips Research Laboratories,

Eindhoven. .

[8]1 E. A. Muijderman, Spiral groove bearings, Philips Technical
Library, Eindhoven 1966.
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Fig. 1. a) The pressure distribution (AP is the overpressure) in the
radial direction over the surface of a conventional spiral-groove
bearing. The arrows indicate the direction in which the lubricant
is pumped. In the central region where there are no grooves the
pressure is uniform. b) The pressure distribution in a herringbone
spiral-groove bearing. This type of bearing has a central opening;
to obtain sufficient lift the lubricant is pumped between the
bearing surfaces from both the outer edge and the inner edge.
¢) The pressure distribution in the new bearing — the ‘push-puil’
spiral-groove bearing. Besides the overpressure there is now an
underpressure as well, generated by a second set of spiral grooves.
In the absence of an external load, the bearing surfaces auto-
matically adopt a spacing such that the forces set up by these
pressures balance each other. When the spiral grooves are
correctly designed, such a bearing has a high stiffness in the axial
direction both for compression (push) and for tension (pull).
This stiffness exists in spite of the absence of an external load.
The three pressure distributions shown include parabolic curves
because the radial pressure gradients occurring are proportional
to the tangential velocity, i.e. proportional to the radial distance
from the axis.
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laser light incoherent ( fig. 3). It consists of two discs
of frosted glass, spaced by about 3 um, which rotate in
air at a relative speed to one another of about 1000 rev/
min. As required for this application, the spacing
remains very nearly constant when the speed varies.
The device is used at Philips Forschungslaboratorium
Hamburg in an equipment that writes an image on a
projection screen by digital deflection of a laser
beam [*1. If the laser light is not made incoherent,
‘speckles’ of light appear in the image.

The discs run at such an extremely small spacing
because of the presence of patterns of spiral grooves
on the two facing surfaces (fig. 4). These surfaces
function as the moving surfaces of a push-pull bearing.

I { 1—\‘3
B |l‘ PP
¢ Ii
I
i
i I,
| S—— l_.T

Fig. 2. Diagram of a thrust bearing for a cylinder (R), such as
the rotor of a gyroscope, with a push-pull spiral-groove bearing
(PP). One spiral-groove bearing is sufficient for the axial location
of R.

One of the discs remains stationary; the other is
connected to the drive motor by a thin metal dia-
phragm, to give sufficient freedom in the axial direc-
tion. The diaphragm also ensures the radial location
of the disc. The annular region between the inner set

Philips tech. Rev. 35, No. |

Fig. 3. Device that makes laser light incoherent. This is used at
Philips Forschungslaboratorium Hamburg in an arrangement
for projecting images by a digitally deflected laser beam [*I. The
device consists essentially of two frosted-glass discs (diameter
100 mm) forming a push-pull bearing, one of which is rotated at
about 1000 rev/min at a spacing of only 3 um from the other.
This spacing is almost independent of the speed of rotation. The
drive motor is on the right. The spacing can adjust itself because
the drive is transmitted from the motor to the glass disc by a
thin metal diaphragm (not visible).

of spiral grooves and the diaphragm acts as a window
for the laser light.

The underpressure around the centre provides the
preload; in the surrounding region there is an over-
pressure that provides the lift. Fig. 5 shows the varia-

Fig. 4. Enlarged photographs of
parts of the two sets of grooves
etchedinthe glass discs of the de-
vice shown in fig. 3. The grooves
shown on the left rotate con-
centrically inside those shown
on the right. The outer grooves
pump the air inwards from the
outer edge to give an overpres-
sure; the other set of grooves
causes an underpressure at the
centre. The grooves have a width
of 0.8 mm. The outer grooves
have a depth of about 2.5 um;
the inner grooves have a depth
of about 13 um.

[*1° An article on this device will
appear in the next volume
of Philips Technical Review.
(Ed.)
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tion of the lift (curve /) and the internal preload
(curve /1) as a function of the spacing / between the
two surfaces. The spacing that the discs adopt auto-
matically is given by the point of intersection of the
resultant curve (/1) with the horizontal axis; the lift
and the internal preload are then in equilibrium. The
two pressures are both proportional to the speed of
rotation; if this should vary, the forces continue to
balance one another at the same spacing between the
discs, and the spacing therefore remains constant.

The dimensions of the patterns of grooves are chosen
in such a way as to make curve //7 as steep as possible
at the point where it cuts the /-axis. The bearing there-
fore has the maximum stiffness, and strongly opposes
any variation in the spacing of the discs.

There are no external loads of any significance.
Even at quite low speeds the weight of the disc, for
example, is negligible compared with the force due to
the underpressure. The orientation of the axis makes
no difference to the performance. Even when the
rotating disc is suspended from the stationary one,
the spacing between them remains close to 3 pm
(see fig. 0).
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Fig. 5. Calculated characteristics of the push-pull spiral-groove
bearing formed by the glass discs of fig. 3. Curve [ is the lift W
and curve // the internally generated preload L, both as a function
of the spacing /4 between the moving surfaces. The curves were
derived for a speed of 1000 rev/min. Curve /11 is the net force on
the bearing, i.e. the sum of / and //. The operating point of the
bearing is the point of intersection of /17 with the abscissa. The
stiffness of the bearing (tan o) is about 58 N/um. Although
curves / and /7 and the stiffness change when the rate of rotation
changes, the operating point does not move. The weight of the
rotating disc (2.6 N) has hardly any effect on the position of the
operating point (a displacement of only 0.05 p.m, see inset).

PUSH-PULL SPIRAL-GROOVE BEARING

d

Fig. 6. Demonstration model of a push-pull spiral-groove bear-
ing in operation. a) Stationary bearing; the arrows show the
direction of rotation of the uppermost disc. The lower disc is
clamped in a ring (dark in the photograph); the upper disc is
centred by a pin that fits with a slight play in a hole in the lower
disc. b) The upper disc now rotates (at about 500 rev/min).
c) The bearing is set so that the rotating disc is suspended from
the stationary disc. The rotating disc remains attached to the sta-
tionary disc until its speed has dropped to about 100 rev/min;
the internal underpressure is then too small to support the weight
of the disc (d).
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The grooves displace only a relatively small amount

of air in unit time. The volume of air contained between
the discs is therefore kept as small as-possible to give a
rapid response to variations in speed. The bearing does
not then tend to instability.

The diaphragm is preadjusted in such a way as to
make the discs just touch each other when stationary.
When motion commences the discs make light contact,
but the desired spacing of 3 wm is soon reached. The

61 The problem of the tilting stiffness of a flat spiral-groove
thrust bearing has been considered by J. P. Reinhoudt, On
the stability of rotor-and-bearing systems and on the calcula-
tion of sliding bearings, thesis, Eindhoven University of
Technology, 1972.
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discs do not wear, provided that the air is dust-free.
The bearing will operate regardless of whether a
particular groove pattern is on one disc or the other, or
whether they are both on the same disc. The orien-
tations of the patterns must be chosen to give the
underpressure at the centre and the overpressure in
the outer zone, since the bearing then presents the
greatest stiffness to tilting (61,

H.J. W.M. Volman

H.J. W. M. Volman is with Philips Research Laboratories, Find-
hoven. ) . .
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"PINPOINT — o
a radio system for locating and monitoring vehicles

R. W. Gibson

The hyperbolic radio-navigation systems for ships and aircraft, developed during and
after the second world war, have recently found counterparts in systems for the location
and mapping of vehicles at a central point. PINPOINT is a system of this kind which is .
particularly simple and inexpensive because it is based on existing radio-telephony chan-
nels. Whole fleets of several hundred vehicles can be located with an accuracy of less
than half a kilometre. This location system can be used as part of an extremely versatile
command and control system. Thus, when the location and nature of an ‘incident’ are
typed in, the computer will search a street directory to find the coordinates of the incident
location and will request the display to indicate the vehicle best placed to attend.

Many organizations which use a large fleet of
vehicles wish to control the vehicles from a central
point. The advent of mobile radio-telephones has made
this a possibility and, today, virtually every police car,
ambulance and fire engine has a two-way radio-
telephone. To an increasing extent buses, taxis and
other commercial organizations are also using radio-
telephones to control their fleets. If the controller is to
use his vehicles most effectively he needs to know
where each one is and what it is doing, i.e. he needs
location and status information. At present this infor-
mation is gathered by talking to the driver on the radio-
telephone and is stored either in the control operator’s
mind or sometimes in manual plotting systems.

Recent advances in integrated circuits and small
computers have now made it feasible to carry out this
information-gathering and storage function auto-
matically. A vehicle-location and monitoring system
called PINPOINT has been developed at Mullard
Research Laboratories in conjunction’ with Pye Tele-
communications Ltd.

The technique used enables radio location to be
fitted as an optional extra to a standard radio-tele-
phone system. It locates the vehicles by time-difference
measurements using a standard mobile-radio channel
(3.5 kHz bandwidth, 12.5 kHz spacing). However, the
system has been designed so that locations can also be
determined with beacons or by other methods (such as
the measurement of distance travelled by the vehicle).
PINPOINT is also capable of fast data transmission,

R. W. Gibson, B.Sc., is ‘with Mullard Research Laboratories,
Redhill (Surrey), England.

so that the system can be tailored exactly to meet
individual requirements. Vehicles can be located in a
wide area, while at the same time extra information
from the vehicle can be obtained from automatic data
signals. These can provide extra indications of position
in important areas (for a taxi fleet this could be the
station), status and other information.

The next section starts with a survey of the various
methods for location and of the factors that determine
the choice of method for PINPOINT. This is followed
by a more detailed account of the method and a descrip-
tion of the equipment. The equipment, the range of
applications for PINPOINT and its performance are
described in the last two sections.

Location techniques

In vehicle location it makes a great deal of difference
whether the vehicles are on fixed routes, like buses, or
whether they can go anywhere, like police cars. For
fixed routes roadside beacon systems can be used; the
vehicles recognize signals from a particular beacon that
they pass on the route and the information is trans-
mitted back to base. The inverse system may also be
used in which monitors at known points on the route
recognize each vehicle as it passes and send the informa-
tion back to base.

Various systems of this type have been proposed
using a wide variety of recognition signals — optical,
radio, mechanical, or electrical (inductive loop). How-
ever, the cost of the beacon system discourages their use
except in cases where great accuracy is essential.
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The alternarive is to use some sort of radio-location
technique. Radio location is well known for the naviga-
tion of aircraft, ships and space capsules; the same
techniques can be used for vehicles but the operational
requirements and economic considerations are dif-
ferent. One important aspect which discourages the
use of many of the radar techniques is the large band-
width necessary for transmission of the signals. It is
difficult to justify any system which uses an unduly
large share of the already overcrowded radio spectrum,
and the idea of several users in the same area, each with
hundreds of vehicles transmitting wideband signals, is
decidedly unattractive. :

In principle the range from a fixed site can be meas-
ured by measuring the ‘there-and-back’ time. This is
not practical for narrowband mobile-radio channels,
however, because the ‘turn-around’ time at the vehicle
(delay between the mobile unit receiving the interroga-
tion signal and re-transmitting the response) cannot be
kept sufficiently constant to obtain the desired accuracy
(about 0.5km). (Because of other uncertainties this
time should not vary by more than 1 ps.)

In theory it is possible to locate a vehicle from any
radio signal it transmits; suitable receivers may be used
to measure some characteristic of the signal, such as
its bearing, time of arrival, or strength, and from
several simultaneous' measurements the position can
be derived. The choice of which parameter to measure
is mainly governed by the propagation characteristics
of the radio signals. The signal strength can only be
used for vehicle location if the statistical mean is known
for signals from the vehicle in several positions and is
not suitable for locating stationary vehicles. (Signal
strength can be drastically affected by local obstacles,
especially large metallic objects such as bridges or
overhead cables.) Bearing and arrival time are both
subject to errors due to multipath propagation (reflec-
tion, diffraction, etc.), but bearing errors are likely to
be greater, unless the receiving site is entirely free from
obstructions. . The PINPOINT system therefore uses
time differences.

Another criterion having an important bearing on
the choice of system is that of price: since most vehicles
of interest either have radio-telephones or will be
fitted with them it is cheapest to use existing facilities
for location.

The conventional navigation systems such as OMEGA,
LORAN, or DECCA U1 are all in principle suitable for vehicle
location, but because they need a special receiver in the vehicle
they are inherently more expensive and the position data still has
to be transmitted back to base. In terms of accuracy they are
about the same as the techniques used in PINPOINT, their only
real advantage being that they can cover-a large area.
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Location by time difference

The schematic diagram of fig. I shows three fixed
receiving sites and a vehicle equipped with a radio-
telephone. The vehicle transmits a radio signal which
is received at all three sites; the time of arrival of the
signal is measured very accurately at each site. If the
signal arrives at site / 10 us earlier than at site 2 then
we know that the transmitter is 3 km nearer to site /
than it is to site 2 (because a radio signal travels 3 km
in 10 ps). We can therefore plot a line on our diagram
(or map) which shows all points 3 km closer to site /
than site 2, and know that our vehicle lies somewhere
on this line. The line is shown on the diagram labelled
ts — t1 = 410 ps, and is a hyperbola. Systems of this
class are therefore known as hyperbolic navigation
systems.

Similarly if the time of arrival at site 2 is 20 ps later
than at site 3 the vehicle is also on the hyperbola
t3 — ta = —20 us, showing points 6 km nearer to site 3
than site 2. Hence the location of the vehicle is at the
intersection of the two hyperbolae.

Hyperbolic navigation systems were first introduced during
the second world war for the guidance of ships and aircraft. For
navigation purposes, the system used is the exact inverse of that
used in PINPOINT. Three (or more) transmitters send out syn-
chronized signals and the ship or aircraft measures the relative
delays, from which it can plot its position on a grid of intersecting
hyperbolae.

The first system of this kind, proposed in 1935 by
R. J. Dippy (2], was developed in England during the early years
of the war and was called the ‘Gee’ system. Transmitters based
in England enabled bombers to be guided to target areas on the
continent with an accuracy of a few miles. Later, in 1944, ‘Gee’
played an important part in the accurate navigation of the ships
and the coordination of the landings for the invasion of Europe.
The Gee system was based on pulse techniques and therefore
occupied a wide frequency band. This makes it less suitable for
civil applications where the allocation of spectrum space is not
at a premium.

The Decca system [3] developed soon after the war, uses contin-
uous-wave signals and therefore takes up a much smaller space
in the spectrum than pulsed systems. A similar system but
adapted to navigation over longer distances is ‘Loran’, developed
in the U.S.A.

A hyperbolic location system therefore requires a
pattern of receiver sites situated so that a least three of
them can receive the vehicle signal. These sites relay
the times of arrival of the signals (or the signals them-
selves) to a central point where they are processed. In
PINPOINT this is done by a small computer.

For location systems to be capable of handling a
whole fleet of vehicles the following additional features
are also necessary:

1) See for example G. J. Sonnenberg, Radar and electronic
navigation, 4th edition, Newnes-Butterworths, London 1970,
. or R. A. Smith, J. IEE 93 1IIA, 331, 1946.
2) R. J. Dippy, J. IEE 93 11IA, 468, 1946.
31 C, Powell, Proc. IEE 105B, suppl. No. 9, 225, 1958.
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Fig. 1. Principle of the hyperbolic system of vehicle location.
M represents a mobile vehicle with its transmitter. Ry 2,3 represent
receiver sites. The lines 0-0 are the loci of points equidistant from
receivers / and 2 and 2 and 3. The two families of hyperbolae are
loci of constant difference in ‘transmission time’ from the mobile
transmitter M to the various receivers. The third line 0-0 and its
family of hyperbolae are omitted for clarity. For the situation
shown, the mobile transmitter M lies on the hyperbola
to— t1 = +10pus of the family /-2 and on the hyperbola
t3 — ta = —20 ps of the family 2-3. The signal from M is thus
received at site 7 10 us earlier than at site 2. In the PINPOINT
system the appropriate hyperbolae are calculated from the meas-
ured time differences, and the point of intersection gives the posi-
tion of the vehicle.

— Each vehicle of the fleet must be able to transmit
individually without mutual interference.
— The position of each vehicle must be stored at the
central point and updated at regular intervals.
— A display must be provided to show the controller
where the vehicles are.
It is also desirable that other information, such as
status messages, can be automatically transmitted from
the vehicles and kept in a store, to be displayed auto-
matically or on demand.

The methods used to achieve these various features
in the system developed by MRL and Pye will now be
explained.

Practical system

As mentioned above, the PINPOINT system is based
on the use of a standard radio-telephone in each
vehicle. A modulator-demodulator unit (data modem)
is added to the equipment to interpret incoming data
and to modulate the outgoing continuous-wave signal
with the data to be transmitted (e.g. vehicle data,
status, etc.). . . ‘
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The time measurements are made by measuring the
phase of an audio tone that modulates the r.f. carrier.
When, as is usually the case, data transmission is also
required, it is simple to put the data in the form of
binary code so that phase-shift key modulation (PSK)
can be applied to the audio subcarrier. In this method
of modulation the binary O is represented by a single
period -of the original subcarrier, while to represent a
binary 1 the phase of this subcarrier is shifted by 180°.
(An alternative form of PSK is obtained if each binary
1 causes a phase shift of 180°, while the phase remains
unchanged for a binary 0.) The signal for the location
of the vehicle is simply a burst of several cycles of
unmodulated subcarrier. .

Fig. 2 shows the waveform of a complete signal. The
first 16 ms is occupied by the burst of unmodulated
2-kHz subcarrier, which serves not only as the location
signal, but also to help establish the link with the data
receiver (the receiver and data modem need a few ms of
unmodulated carrier to prepare themselves for the
reception of data). In the second 16-ms period there are
180° phase shifts in the subcarrier, so that the phase of
each complete cycle is set to either 0 or 180° to denote
either a 0 or 1 data bit as explained above. . .

The time measurement consists of a precision phase
measurement made on the first 16 ms (about 32 cycles)
of the incoming signal, against a quartz clock that also
has a frequency of 2 kHz. This gives an ambiguity of
half a cycle in the phase measurements. At a frequency

2kHz

|

| . |

16ms ! 16ms !
} |

Fig. 2. A typical waveform (2 kHz) for the signal modulating the
carrier in the mobile transmitter. Note that only 7 cycles of the
2-kHz subcarrier are shown in each period, for clarity. The
location information is contained in the first 16-ms burst of
unmodulated audio subcarrier signal, and is obtained as follows.
The phases of the unmodulated subcarrier signal, as received at
the three (or more) fixed sites, are measured against precision
quartz clocks. The data contained in the second 16-ms period is
in binary code, the carrier being modulated by 180° phase shifts.
In the example shown a cycle of audio subcarrier of the same
phase as the previous cycle represents a 0, while a cycle of op-
posite phase to the previous one represents a 1 (differential phase-
shift key modulation). . :

of 2 kHz this corresponds to 250 us, or a distance of
75 km. This ambiguity is so large that it is generally
unimportant, because for most vehicle-location systems
a range much less than this is demanded. If necessary,
however, the ambiguity can be resolved by a time meas-
urement on the data signal; such a measureipent does
not have to be particularly accurate. . ' A
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Fig. 3 shows a block diagram of the complete system.
The computer, which stores the information relating to
position and status of the vehicles, decides which vehicle
is to be interrogated and sends a data or interrogation
signal to the transmitter 7r; the data signal includes
the coded number of the required vehicle. When the
vehicle receives and recognizes its own code number,
it replies by transmitting a signal. This signal is received
at the three (or more) receiver sites and at each of these
the phase of the location tone is measured and the data
contained in the modulated part decoded. The results
of the phase measurements and the decoded data are
then sent via modems over the links to the central
control room.

The computer in the central control room keeps in
its memory a complete list of all vehicles in the fleet,

B v
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Fig. 3. Block diagram of the PINPOINT system. M is one of the
vehicles to be located. All the vehicles have a standard radio-
telephone RT and a modulator-demodulator (data modem) DM.
There are at least three receiver sites R1,2,3; one of these is shown
in detail. The phase of the first part of the received signal (fig. 2)
is measured (PM) against precision quartz clocks LC at each
site. The data in the received signal is decoded (Dec) and the
combined phase and data information is then sent in binary form
to the command-control centre CCU, usually by telephone line.
It is decoded there, and fed into the location and status computer
(Comp). This calculates the position of the vehicle in cartesian
coordinates. The operator can obtain this position on a display
panel (Disp) showing a map of the area covered by the vehicles.
Selected information can be shown on a second display. CU
control unit. Tr central-command transmitter.
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their latest positions, and any status information or
other data received from the vehicles. The list is con-
tinuously and automatically updated as the new data
flows in from each new set of measurements. The com-
puter not only calculates the new positions of the
vehicle in cartesian coordinates, it also applies a
plausibility check to the new position. If this is satis-
factory the stored position is updated; if not, the new
position is rejected.

The system can scan the fleet at a typical rate of
about 25 to 50 vehicles per second, depending on the
amount of data to be transmitted.

Mobile equipment

In order to monitor a whole fleet of vehicles on one
radio channel it is necessary that each mobile unit only
transmits for a short period; the 32-ms burst of fig. 2
is typical. It is therefore necessary to be able to switch
the mobile transmitter on and off quickly; this is
achieved very simply by using semiconductors for the
transmit/receive switch instead of a relay.

It is important to note that the system calculates
position only from the time differences measured at the
fixed receiver sites, so that the mobile unit does not
have to transmit at any precise instant.

Nevertheless each mobile unit does need to know to
within a few milliseconds when it should transmit its
signal. This is therefore done at the request of the
central control room. The modem in each vehicle is
fitted with a detachable code plug which identifies that
particular unit and circuits are provided with which it
can recognize its own code ( fig. 4). The central system
can then interrogate any unit by transmitting its digital
code together with a message code (for example,
‘canned’ questions) to the vehicle and command it to
reply with a location and data burst.

In cases where data transmission to the car is not required, a
simpler ‘time-slot’ system can be employed. This is a system in
which the whole fleet is scanned in a fixed sequence. Every few
seconds the system broadcasts a synchronizing signal to every
mobile unit. Instead of a data modem, each mobile unit is fitted
with a timing unit which locks on to the synchronizing signal and
transmits a reply in a pre-assigned time slot.

Fixed-site receivers

The phase measurement must be made to an accuracy
of better than one microsecond (1 ps corresponds to a
change in position of 200 m). Because of this, special
radio receivers are necessary at the fixed sites. Although
it is possible to use either amplitude-modulated (AM)
or frequency-modulated (FM) radio, the FM system is
preferred since it is easier to make suitable receivers.
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In a conventional FM receiver the limiting action on
strong signals causes the phase of the audio output to
vary with signal strength. Regardless of signal strength,
which can vary from a fraction of a microvolt to
several millivolts, the phase delay must remain con-
stant to within 1 ps, and to achieve this a special FM
receiver has been designed. The i.f. amplifier in this
receiver gives a constant output phase for signals
varying from just detectable to very strong.

The transient response of the receiver must also be
fast enough to permit a precise measurement to be
made a few milliseconds after the start of the signal.
The receiver is a narrowband device because in
mobile-radio-telephone practice each radio channel is
strictly limited to a working band only a few kilohertz
wide. Since the response time is inversely proportional
to bandwidth, it follows that the receiver will have an
overall delay of several hundred microseconds, nearly
all the delay occurring in the channel filter. Even with
careful design it is not practical to keep this delay
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Fig. 4. a) Vehicle equipment for sending ‘canned’ information to
the central command. The message is selected by pressing a
button; the message is then encoded by the data modem DM and
transmitted to the command centre by the vehicle’s radio-
telephone transmitter 7r(RT). b) Data-reception equipment in
vehicle. Rec(RT) vehicle radio-telephone receiver. Dec decoder.
The signals transmitted by the central command are accompanied
by an identification signal, which is simply the number of the
vehicle called. This is sent as a binary number. After decoding
this number appears in the shift register SR. If the comparator
Com finds that the number is the same as the number on the code
plug CP, the message is accepted and displayed in that vehicle.
In other vehicles the message is not displayed.
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absolutely constant to better than one microsecond.
However, this can be allowed for by including an
automatic calibration routine in the system. Every few
seconds a calibration transmission is measured and the
result used to monitor the delays in the receivers and
measuring channels. The calibration is effected with a
radio unit that transmits from a fixed site on a high
building, and functions as a ‘vehicle’ of accurately
known position.

Phase measurement

After the tone burst has been received and demod-
ulated there is a choice of procedure. Either the tone
signal from each receiver site is sent to the control
centre where the phase differences are measured, or the
phases are measured at each receiver site against a
local clock and the resulting measurement sent. The
second method has the advantage that the link need
only transmit a digital measurement (via a data mod-
em) and does not demand phase stability of the link:
against this advantage must be offset the expense of
providing a precision clock at each receiver site.

In either case the measurement is made on the zero
crossings of the tone signal (fig. 5). The 2-kHz sine
wave is first shaped into a square wave in a circuit
carefully designed to avoid phase variation with signal
strength. The positive edge of the square wave is then
used to open a gate which allows clock pulses into a
counter. The gate is shut by the corresponding edge
of a 2-kHz reference signal. The length of time the
gate is open, and hence the number of clock pulses
counted, therefore depends on the phase difference be-
tween the incoming signal and the reference signal. By
repeating this over several cycles a more accurate aver-
age phase is measured.

The process is complete in a few milliseconds and the
content of the counter is the required measurement in
the form of a binary number: this is then sent to the
computer at the central control room. The computer
thus receives three such time measurements, one from
each of the receiver sites.

A data decoder is used to extract the phase shifts in
the second half of the signal and the resulting binary
data is also sent to the computer.

Display

Fig. 6 shows an early version of the control-room
equipment as laid out for an exhibition. The obvious
way to display the position of the vehicles is by super-
imposing symbols on a map. The display shown in
fig. 6 uses a half-silvered mirror to combine symbol
images on a television screen with a printed or back-
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projected map. The result is shown in fig. 7. In the case
shown, the position of the suffix symbol in each group
indicates the position of the vehicle, the suffix symbol
itself giving the status of thé vehicle; the upper three
digits give the.vehicle number. ..

An alternative technique consists in projecting a map
through a window in the back of a special TV picture
tube. For large wall displays projection TV can be
employed.
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Fig. 5. Phase measurement of received signals against precision
quartzclocks. @) Received signal (unmodulated 2-kHz subcarrier).
b) Waveform of local precision clock (2 kHz). ¢) Square-wave
signal derived from (a). d) Square-wave signal from precision
clock (). e) Clock pulses (e.g. 10 MHz). f) Gate waveform for
admitting clock pulses to counter. g) The clock pulses are
admitted to the counter only while the gate G is open. The
number of clock-pulse counters is therefore proportional to the
phase difference between the received signal and the precision
clock. The count is sent as a binary number to the central com-
puter. Comparison with the counts from the other receivers
yields the time differences (f2 — f1) and (t3 — r2), see fig. 1.
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DM — CCU

A display which simply showed the position of every
vehicle in the fleet simultaneously would be virtually
useless unless the fleet is very small in number. The
amount of information that can be usefully put on
display simultaneously is very limited — too much data
either distracts from or, worse still, obscures the vital
information. To overcome this problem PINPOINT
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provides an interactive display so that the information
presented is limited to that relevant to the job in hand.

A push-button keyboard gives the operator complete
control over the display — he can add or delete any
vehicle or group of vehicles instantly. Vehicles can be
called by:

1. Name e.g. Car No. 223

2. Type e.g. All cars of Type 6

3. Status e.g. All cars of Status 10/4

4. Absolute position e.g. All cars within 1 mile of
grid reference 213 457

. Relative position e.g. All cars within 5 miles of

vehicle No. 321 .

W

If the system is operated by several operators, each
one can have his own display, each display being com-
pletely independent, showing different data, different
maps, different areas, etc.

The ‘main list’ within the computer memory, which
holds all the position and data information on every
vehicle, is continuously updated, regardless of what is
being displayed. If the data from any vehicle is cur-
rently on the display its position and status will be
automatically kept up to date as signals are received
from that car: typically for a fleet of 300, each vehicle
will be updated every 10 seconds. When the operator
uses the keyboard to change the display or request
additional information, the response is immediate
because it only takes the computer a fraction of a
second to search the list for the required data and
transfer it to the display.

Other types of display can also be used if required.
For instance a second visual display unit may be inter-
faced with the computer to give listings of particular
vehicles and information about them.

The computer can also be used to do some special
preliminary sorting or collating of data on the vehicles
so as to give automatic display of some anomaly or
unusual situation. Certain special conditions can be
detected and brought to the controller’s attention.
Thus, an alarm signal could indicate some emergency,
or an automatic warning could be given if there were
no vehicles of status ‘available’ within a certain area.

Where the location facility is only part of a full
command-and-control system the display is also avail-
able in an another automatic mode. This is a facility
particularly useful to a city police department or to the
operator of g taxi fleet. When the address and nature
of an incident is typed in, the main computer will
search a street directory to find the coordinates of the
incident and then command the location system to
display the best vehicle to deal with that incident,
taking into account distance, status, type of vehicle,
etc.
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Fig. 6. Central command-and-control equipment, as set up for an exhibition. In the centre is the
vehicle-location display (see also fig. 7). On the left is the radio-telephone with display control
panel. On the right is the computer.

Fig. 7. Photograph of location display on a map of central London. The three-digit numbers
are the vehicle identification numbers and the suffix is a status number (e.g. busy, free, return-
ing to base, etc.). The actual location of each vehicle is marked by the suffix digit.
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Accuracy and coverage

All radio-location systems are subject to errors
because the propagation of radio waves is affected by
buildings, trees, hills, power lines etc. The nature of the
errors varies depending on the frequency and band-
width of the channel employed but it is very doubtful
if any practical radio-location technique can give true
street-corner accuracy in a city. The PINPOINT system
gives results comparable with other known methods
but at less cost.

A single spot measurement can show an error of
more than a kilometre due to combined effects of
interference and multipath signals, but a considerable
amount of averaging and signal processing is carried
out in the computer so that these errors are much
reduced. A simple three-station system set up in central
London using a standard VHF channel (160 MHz) has
shown mean errors on the display of about 0.5 km,
with occasional errors of up to 1 km.

Although averaging several successive readings from
a vehicle improves accuracy, there is a limit to this
improvement. For a typical 300-vehicle system, where
each vehicle sends a signal every 10 seconds, averaging
four consecutive signals means that the displayed posi-
tion of the vehicle lags the true position by 40 seconds;
at a speed of 60 miles (96 km) per hour this corresponds
to a kilometre. How serious this is depends on the
vehicle speed but a compromise has to be struck so that
the errors due to this lag are not greater than the gains
due to the averaging. In practice it is reasonable to
average between four and eight successive readings,
corresponding to a lag of a minute or so. Where this is
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unacceptable, smaller fleet sizes on one channel or
more frequent signals from particular vehicles can be
used.

In order to cover a certain area it is necessary that a
signal from anywhere within the area can be heard by
at least three receiver sites. In small or medium-sized
towns where the terrain is suitable it is sometimes
sufficient to set up only three stations. For very large
cities, country areas, and places where there are
obstructing hills it is necessary to use extra receiver
sites. (Extra sites also improve the accuracy slightly but
the improvement is not commensurate with the extra
costs.) Typical systems will use between 4 and 10
receiver sites, or even more for very large cities such as
London.

Summary. PINPOINT is a system for locating vehicles which is
based on the measurement of the differences in time of arrival of
the signals received at three (or more) fixed receiver sites when
each vehicle transmits a short burst of a relatively narrowband
signal. PINPOINT provides the controller of the fleet with de-
tailed knowledge of the whereabouts and status of every vehicle
in the fleet. This display provides clear and easily read symbols
superimposed on a map or diagram. A keyboard gives the opera-
tor complete control over the information displayed, and opera-
tion of the system is extremely simple. The system uses a stan-
dard mobile-radio channel with a bandwidth of about 3.5 kHz
and a channel spacing of 12.5 kHz. It collects the data much
faster than is possible with speech, thus saving valuable trans-
mitting time.

The extra equipment required in the vehicle is simple. The
complete system is less expensive than other systems, but is just
as accurate (about half a kilometre). The location function is
compatible with data transmission, so that hybrid systems using
beacons, distance run, etc., can be assembled to suit any particular
application.
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A fast scanning microscope
used in the development of avalanche photodiodes

P. M. Boers and L. J. M. Bollen

The avalanche photodiode

To achieve a high sensitivity in an avalanche photo-
diode it is necessary that the sensitivity should be very
uniform over the whole surface of the diode. An
avalanche photodiode is a light detector with internal
amplification; it can be regarded as the solid-state
analogue of a photomultiplier tube.

An important application of the avalanche photo-
diode is as a detector in a wideband communication
system with an optical carrier. In such an application
the diode must have a high sensitivity at the carrier
wavelength. (In a communication system with a GaAs
injection laser as the source the carrier wavelength is
0.8-0.9 um.) Other requirements are a high signal-to-
noise ratio and a response that is rapid enough to
detect the highest modulation frequencies, which may
extend to several GHz for optical communication
systems.

The avalanche photodiode is essentially an ordinary
P-N diode in which one of the electrodes is transparent
to the radiation to be detected. The diode operates as
an optical detector when a voltage is applied in the
reverse direction. The reverse voltage causes a carrier-
free zone, the ‘depletion layer’ ( fig. /) to appear on
both sides of the junction. When radiation falls on the
diode, electron-hole pairs are formed. The electrons
and the holes formed in the depletion layer will be
accelerated in opposite directions by the electric field
there. Depending on the place where the electron-hole
pair is formed, either the electron or the hole will move
to the location of maximum field-strength. If this
maximum field-strength is high enough, the charge
carriers can obtain sufficient energy to enable them to
initiate further ionization and thus produce new elec-
tron-hole pairs. These are then accelerated by the local
field so that, for each photon absorbed, a whole ava-
lanche of charge carriers is created, which appears as a
photocurrent in the diode. The multiplication factor,
i.e. the number of charge carriers per absorbed photon,
is dependent on the field-strength in the avalanche
region. For a large multiplication factor, the local
field-strength must be high. It is therefore desirable
that the total voltage across the depletion layer should
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be as high as possible, i.e. as close a possible to the
‘dark’ breakdown voltage of the diode. Owing to local
variations in the semiconductor material of the diode,
there will be local variations of this breakdown voltage.
The lowest breakdown voltage anywhere in the layer
will therefore determine the maximum reverse voltage
that can be applied across the diode and hence the
average multiplication factor that can be achieved by
the complete diode. Good homogeneity of the mater-
ial, and hence as high a field-strength as possible
over the avalanche layer, is therefore very important
for the optimum performance of an avalanche diode
as a radiation detector. A scanning microscope has
been found to be ideally suitable for assessing the
homogeneity of avalanche diodes either after com-
pletion or in the various stages of manufacture.

The geometry of an avalanche photodiode

If an avalanche diode is to have a rapid response to
the incident radiation, as many of the charge carriers
as possible should be created in the depletion layer.
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Fig. 1. Structure of a P-N photodiode (/efr) and the field-strength
E in this diode (right) as as function of position x. The diode
consists of a thin P* layer on N material. The P layer is so thin
that the light to be detected is transmitted through it to the P-N
junction. The P* layer is surrounded by a P layer whose shape is
such that excessively high fields along the edge of the P+ layer
are avoided. The field profile arising in this diode when a voltage
is applied across it in the reverse direction is entirely determined
by the doping profile; the gradient of the field at any point is
proportional to the dope concentration. If the voltage across the
diode is high enough, the field-strength in the neighbourhood of
the P-N junction becomes so large that avalanches of charge
carriers may occur.
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The reason for this is that charge carriers created out-
side the depletion layer must first reach the depletion
layer by diffusion before they can be accelerated and
make their contribution to the photocurrent; this dif-
fusion process is relatively slow and consequently
introduces an appreciable delay in the response of the
diode. This delay and the absorption of the light in the
semiconductor together determine an optimum thick-
ness for the depletion layer. If the layer is thicker than
this value inconveniently high voltages are required,
and it is difficult to avoid breakdown over the outside
surfaces of the diode. If the depletion layer is thinner
than this value many charge carriers originate outside
the layer and this introduces delay in the response.
_However, a correction. for this can be introduced by
making the lifetime of free charge carriers outside the
depletion layer very short. Electrons and holes generated
outside the depletion layer will then recombine rapidly
so that only a negligible number of them reach the
depletion layer by diffusion.

The diode material is given a doping profile that will
provide the field-strength variation shown in fig. 2.
The field-strength reaches a value of about 40 kV/cm
in the greater part of the depletion layer. This is suf-
ficient to make the charge carriers move at the maxi-
mum mean velocity; the ‘saturated’ drift velocity, in
the direction of the field. The field-strength in the
avalanche layer reaches a value of about 300 kV/cm,
accelerating some of the charge carriers to such a high
velocity that the avalanche effect can take place. The
drift velocity in this layer no longer increases, however
(fig-3). *

" A diode with such a doping profile performs well
even at voltages below 200 V.

The scanning microscope -
1 .

" The use of flying-spot scanners for the investigation
of photocells and photodiodes is certainly not new.
For our purposes such a scanner has to have both a
high resolution and a fast scan. The high resolution is
necessary for observing small details on the diode
surface and the scan must be fast so that we can follow
variations in the voltage ‘across the diode. None of the
instruments of which descriptions have appeared [1]
possess this combination of features. We have therefore
developed an instrument which can scan an object with
a very fine light spot at a rate of 50 scans per second.
Fig. 4 shows a block diagram of this instrument. Fig. 5
is a photograph of the complete equipment. The diam-
eter of the scanned area can be varied betweer 50 pm
and some millimetres. For diameters greater than
200 m, the resolution is about 1/200 of the diameter
of the scanned field; for smaller diameters the resolu-
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Fig. 2. The field-strength E in an N*P 5t P+ diode as a function of
position x. The z layer is a very weakly doped P layer. The
N+P gzt P+ structure gives a field across the P-N junction region
that is sufficiently high for the avalanche effect to occur there
although the total voltage across the diode (i.e. the area under the
curve) is not excessive. .
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Fig. 3. Drift velocity »a as a function of the field-strength £ in the
depletion layer. At low fields the relation between vq and E is
linear. As thefield-strength is increased there comes a point where
the drift velocity no longer increases with field-strength. The two
inset diagrams show the distribution of actual velocities about the
drift velocity (on a different scale) for two values of the drift
velocity.
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Fig. 4. Block diagram of the flying-spot microscope. F flying-spot
scanningtube. M optical microscope. D diode underinvestigation.
A ampilifier for photocurrent. C television camera for observation
of optical image. Mol monitor for display of the distribution of
the multiplication factor over the diode surface. Mo2 monitor
for display of the optical image. O oscilloscope for the display of
the diode signal for one line of Mol.
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tion is limited to about 1 um by the wavelength of the
light used.

The flying spot is obtained from the screen of a
cathode-ray tube specially developed for flying-spot
scanners [21 designed for television purposes (films,
transparencies, etc.). The electron beam in the cathode-
ray tube writes a raster on the screen at a repetition
rate of 50 Hz. The phosphors on the screen in this
type of tube have a short afterglow, matched to the
scanning frequency, so that the afterglow does not
degrade the resolution of the instrument. We have used
a specially manufactured flying-spot tube with a phos-
phor that emits light of wavelength between 500 and
600 nm; standard tubes of this type contain a second
phosphor emitting light of a shorter wavelength. This
short-wavelength light would be absorbed just beneath
the surface of the diode and would be of no significance
in our experiments because electron-hole pairs imme-
diately vanish there by recombination.

A reduced image of the flying spot on the screen of
the tube is projected by a microscope on to the sensitive
surface of the diode to be investigated. The photo-
current generated by the moving light spot modulates
the brightness on a monitor scanned in synchronism
with the flying-spot tube, giving a representation of the
variation of the sensitivity over the diode surface.

The amplifier, which brings the photocurrent up to a
level suitable for the monitor input, has a noise level
equivalent to a photocurrent of several nA. The band-
width of the amplifier is several MHz to permit a rate
of 50 pictures per second. This picture frequency has
the great advantage that normal video equipment can
be used for most parts of the electronics.

It is also possible to represent the photocurrent on
an oscilloscope. This allows quantitative measurements
of the diode current to be made easily; the local multi-
plication factor and hence the uniformity of the various
diodes can therefore be compared. If the signals of
adjacent scanning lines are given a small relative
displacement a simulated three-dimensional picture of
the photocurrent distribution is obtained ( fig. 6).

A second monitor can display an optical image of the
diode during the scan. This image is picked up from the
microscope by a television camera, and is of use in
deciding whether a particular irregularity observed
with the flying-spot microscope has its origin on the
surface or in the interior of the diode.

Fig. 7 shows oscillograms of the distribution of the
multiplication factor over the surface of a given diode
for three different voltages.

With this flying-spot microscope it was possible to
make a rapid assessment of the suitability of the various
batches of silicon for the manufacture of avalanche
diodes ( fig. 8). Different configurations and manu-
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Fig. 5. The complete fiying-spot microscope. The optical micro-
scope is on the left. Behind it is the flying-spot tube and above it
the television camera. The monitors for the display of the photo-
current distribution and the optical image are mounted in the
right-hand rack in the uppermost panel. Underneath is the
oscillograph on which the diode signal can be displayed in such
a way as to give a simulated three-dimensional display of the
distribution of the photocurrent over the diode surface.

Fig. 6. Simulated three-dimensional display of the distribution of
the photocurrent in a diode (the same diode was used for fig. 7).

facturing methods could also be compared at an early
stage in their development. In addition, specifications
for the diodes could be rapidly translated into speci-
fications for the semiconductor material and the dop-
ing process. It was found, for example, that the most
homogeneous diodes were obtained when the P-N
junctions were made by ion implantation in epitaxial
silicon. Diodes made from ion-implanted material have
given a multiplication of 1000 x ; this implies that
deviations from uniform doping were of the order of

11 R. J. L. Lerou, Ingenieur 84, ET 131, 1972 (in English).
21" A. Bril, J. de Gier and H. A. Klasens, Philips tech. Rev. 15,
233, 1953/54.
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Fig. 7. The distribution of the photocurrent over the surface of a
diode for three different voltages across the diode. Left: the
distribution of the photocurrent over the whole diode surface;
diode diameter 500 um. The irregularities in the current distri-
bution are caused by non-uniform doping. The ring-shaped
structure round the circumference originates in the doping applied
there to prevent breakdown at the outside edge of the diode.
Right: the distribution of the current along a single line through
the centre of the diode. The voltage across the diode when these
displays were made was, from top to bottom: 118 V, 93 V and
1.5 V. The vertical deflection sensitivity of the oscilloscope was
the same in all three cases.

Philips tech. Rev. 35, No. 1

Fig. 8. Photocurrent distribution for diodes made from silicon
of different quality. The right-hand picture shows the current
distribution of a diode whose P-N junction was made by ion
implantation in epitaxial silicon.

0.01%. Such a high amplification is not however
particularly suitable for an optical communication
system, because of noise. A suitable diode for this pur-
pose is a mesa diode with a diameter of 500 um and a
multiplication factor of about 100x. This multi-
plication requires a voltage of 175 V across the diode.
The response time of the diode is 0.3 ns while its
quantum efficiency is 359,.

The flying-spot microscope described here is also
useful for investigations on certain other semiconductor
devices, provided that the P-N junction is no more than
a few microns under the surface and that the surface
is not coated with an opaque film.

Summary. In the development of avalanche photodiodes it is of
great importance to know the distribution of the photocurrent
density over the surface of the diode. To measure this distri-
bution we have built a flying-spot microscope that scans the
diode surface with a very small spot of light at a rate of 50 pictures
per second. The diameter of the image field of this instrument
can be varied between 50 um and a few millimetres. For a diam-
eter 200 pm the resolution is 1/200 of this diameter; for
smaller fields the resolution is I um. The instrument has greatly
assisted in the rapid design of a high-quality avalanche photo-
diode. Epitaxial silicon with a P-N junction made by ion implan-
tation was found to be the most suitable material for such diodes.
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Electrical conduction in ferromagnetic metals

A.R. Miedema and J. W. F. Dorleijn

It has long been known that ferromagnetic metals and alloys differ from other metals
not only magnetically but also in their electrical behaviour. One of the noteworthy
effects exhibited by the ferromagnetic metals is the anisotropy of the electrical resistivity:
the resistivity depends on the angle between the current and the magnetization. This
effect was investigated some years ago at these Laboratories by J. Smit. In recent years
interest has returned to this effect in connection with its application to the read-out of
magnetic tape and bubble memories. A good theoretical explanation of resistance
anisotropy has not yet been given. It is therefore not possible to predict theoretically the
behaviour of a given iron or nickel alloy or to say which alloy might be best for a given
application. We give here a simple empirical model with which such predictions can be

made for nickel alloys.

Introduction

The most characteristic property of metals is their
high electrical conductivity; the conductivity of metals
can be more than 1025 times that of insulators. In the
present article we shall be concerned with electrical
conduction in ferromagnetic metals, which is fun-
damentally different from that in other metals. We
shall concern ourselves here only with the ferro-
magnetic metals nickel, iron and cobalt, and their
alloys. It will be shown that the electrons that are
responsible for electrical conductivity in ferromagnetic
metals possess an extra degree of freedom. This can
lead to special effects, which, though long known, have
often not yet been properly explained. Examples are
the anomalous Hall effect and the resistance-anisot-
ropy effect U1, which has recently been applied in
magnetic recording [21.

In a ferromagnetic metal the electrical resistivity
depends on the angle between the current and the
magnetization (fig. I). If the ferromagnetic metal is in
the form of a thin film as obtained by evaporation, the
direction of magnetization in the plane of the film can
be very easily changed. ‘Easily’ here means that only a
weak external field is necessary, like that near the sur-
face of the magnetic tape of a tape recorder. For the
two extreme orientations of the magnetization, parallel

Dr A. R. Miedema and Ir J. W. F. Dorleijn are with Philips
Research Laboratories, Eindhoven.

or perpendicular to the current through the film, the
electrical resistance may differ by several per cent (at
room temperature): this is the resistance-anisotropy
effect. Since this is a percentage effect, and the total
resistance of such a ferromagnetic film, if sufficiently
thin, can be relatively high, this effect is of importance
for the detection of weak magnetic fields or their corre-
sponding magnetizations. In magnetic recording an
important aspect of the effect is that low-frequency
alternating magnetic fields can be detected.

Fig. 1. The electrical resistivity of a specimen of a ferromagnetic
metal depends, even at room temperature, on the angle § between
the current I and the magnetization M. For a thin specimen (a
film) the direction of Mj can be changed even by a weak field.

[11 The history of resistance anisotropy in ferromagnetic metals
goes back to 1857 (W. Thomson) and that of the anomalous
Hall effect to 1893 (A. Kundt). One of the first more sys-
tematic investigations is that of J. Smit, Physica 17, 612,
1951; see also H. C. van Elst, Physica 25, 708, 1959.

(2] See for example R. P. Hunt, IEEE Trans. MAG-7, 150, 1971,
and F. W. Gorter, J. A. L. Potgiesser and D. L. A. Tjaden,
IEEE Trans. MAG-10, 899, 1974.
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. -~ Magnetoresistivity (dependence of resistance on magnitude of
magnetic field) and direction-dependent magnetoresistivity are
also observed in non-magnetic metals (such as copper or alumi-
nium) but only under certain (not entirely independent) condi-
tions. A strong magnetic field is necessary, the temperature must
be low and the metal must be very pure (e.g. a magnetic field of
104 Oe, the temperature of liquid helium and a metal with
impurities < 0.01%). g

Our aim in this article is to explain why there is a
difference between the electrical conductivity of ferro-
magnetic and ordinary metals. We shall start with
a recapitulation of the modern solid-state-physics
explanation of why metals are good conductors and
why certain substances are metals and others not.

We shall discuss resistance anisotropy in some detail.
Although the fundamental background of this effect
is not yet adequately explained we have found a model
that gives a very good description of the experimental
results for nickel and its alloys. With the aid of this
model it is now possible to predict very generally the
magnitude of the resistance anisotropy for nickel alloys.

When is a substance a metal ? .

Using fig. 2 and fig. 3 we shall first show why some
substances are conductors and others not. Our first
example is lithium. Lithium is a monovalent element,
that is to say, each atom has only one electron in its
outer shell. For free, isolated atoms this electron is in
a certain well defined quantum state (fig. 24, left) which
can be indicated on an energy scale at the value corre-
sponding to the ionization energy of the free lithium
atom. It is important to note that this quantum state
may be occupied by two electrons because in each state
the electron spin (angular momentum and correspond-
ing magnetic moment) has two permissible directions.
In free lithium atoms only one of the two spin direc-
tions is occupied.

If now, in imagination, we ‘construct’ a lithium
crystal by bringing a number of isolated lithium atoms
nearer to each other until they are at their normal
lattice positions, then the collection of sharply defined
quantum states (which are only half-occupied) is spread
out into a band of states with different energies. For N
Li atoms the band will be made up of 2N states. In this
simple picture the centre of the band will lie at about
the same level as the energy of the outer-shell electron
in a free lithium atom. With N electrons, just half of
the states in the band are of course occupied. .

The existence of a partially filled band of states of
the outer-shell electrons is essential for the occurrence
of metallic properties. ' ’ :

Unconventionally, we shall illustrate this by first
considering the effect of a magnetic field on the enetgy
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Fig. 2. The energy levels of electrons in a crystal (right) regarded
as originating from the energy levels of a free atom (/eft). The
energy scale is vertical. If N free atoms are brought together,
the N originally identical energy levels are spread out into
2N different levels. The closer the atoms, the broader this
band of energy levels. 4) The situation for lithium. In the
outermost shell of lithium there is only one electron; this shell
is therefore only half-filled in the sense that for one energy
there are two permissible orientations for the electron spin.
The energy band of a lithium crystal is also half-filled. A
crystal with a partly-filled band is a conductor. The shading
shows the occupied energy levels. Er is the Fermi energy. 6) The
analogue of (a4) for an element with two electrons in the outer
shell, such as beryllium. In the crystal the band is now full: there
is no electrical conduction. ¢) The true situation in beryllium.
A higher unoccupied level in the free Be atom is so spread out
that the band overlaps the highest occupied energy level and
therefore takes over a number of electrons. These bands are
therefore not filled, as in (b), and electrical conduction is there-
fore possible.
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Fig. 3. @) The density of quantum states N(E), i.e. the number
of states per unit energy interval, of a monovalent metal. In the
neighbourhood of E = Er the value of N(E) is relatively large.
b)’If the metal is placed in a'magnetic field of flux density B, the
conduction band may be regarded as split into two sub-bands,
one in which the electrons have their spin # (magnetic moment)
parallel to B (to the left of the origin), and the other in which
/o and B.are antiparallel (to the right). These bands are displaced
relatively by an amount 2B, so that'some electrons are trans-
ferred from the one sub-band to the'other, -
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levels of the quantum states. We do this because the
effect of an electric field can be usefully described in
an analogous way, and also because ferromagnetic
metals can be regarded as metals in which a strong
internal magnetic field is always present. In fig. 3a we
first show the conduction band of lithium as in fig. 2a,
except that we now plot the density of states per unit
energy N(E) as a function of the energy. The total
number of states for N atoms of lithium is 2N. The
greatest density of states occurs near the centre of the
band, i.e. near the original energy level of the electron
of the isolated atom. The energy to which the band is
filled is called the Fermi energy Er; the corresponding
density of states is N(Ep).

In fact we must again divide the electrons in the band
into two groups. If a magnetic field is applied, an elec-
tron can occupy each state in two ways: with its
magnetic moment u parallel or antiparallel to the
external flux density B. In an external field the two
bands are relatively displaced over an energy 2uB
(fig. 3b). The occupation of the electron states will now
be such as to make the total energy a minimum. If the
two sub-bands (distinguished by their spin direction)
were originally equally filled, on applying the external
field a number of electrons in the band with the ‘wrong’
spin direction will be transferred to states in the band
where the magnetic energy is lower as shown in fig..3b.
The external flux density B induces a magnetization M
which is proportional to the sum N(Ep)uB of the two
shaded regions and proportional to the magnetic
moment u per electron:

M = u2N(Eg)B.

In this way it can be seen that the magnetic suscep-
tibility [3] of the conduction electrons in a metal, the
Pauli susceptibility, is a measure of the density of
states in the conduction band at the level of the Fermi
energy Fy.

We shall now use the same picture to describe the
effect of an electric field F applied in the longitudinal
direction of a metallic specimen (of length L). When
the electric field is applied, the quantum states
at one end of the specimen are reduced in energy with
respect to those at the other end. There arises in effect
an excess of electrons at one end of the specimen and
a deficiency at the other end. An electric current then
flows which is proportional to this difference, to the
electronic charge and also to the rate at which electrons
can diffuse from the one end of the specimen to the
other. The excess of electrons (fig. 4) is proportional
to N(Ep), just as in the magnetic case, and is also pro-
portional to the potential difference FL. In addition
the electrical conductivity is also proportional to the

mean free path of the electrons in the diffusion process -
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and inversely proportional to the length L. In a pure
metal at low temperature the mean free path is large
and the electrical resistance therefore low. In general
the mean free path depends on the concentration of the
impurities — i.e. the number of foreign atoms — and
on the probability that an electron coming close to
these foreign atoms is indeed scattered (the scattering
cross-section).

In the literature the process of electrical conduction in metals
is usually described in terms of the acceleration of the electrons
by the electric field F between one collision and the next. This
reasoning leads to the same result, as can be seen by analysing the
situation in which an electric field is applied but no current is
allowed to flow. In such a case a (small) concentration gradient
of electrons is set up in the metal, but this has the result that the
applied field is largely (but not entirely) compensated (leaving a
residual field F”). The total current can, if desired, be regarded
as being made up of two equal but opposite currents. One is the
current due to the acceleration of the electrons in the field F’;
the other is the diffusion current that would flow if diffusion in
the electron-concentration gradient were considered separately.

In our example we considered the case of a mono-
valent element (Li). This was chosen deliberately. If
an atom has two valence electrons, like beryllium,
then there is no a priori certainty that the substance
will be metallic. The energy-level diagram of a di-
valent element is shown in fig. 2b (‘Be’). For free
atoms there are again two possible states per atom,
both of the same energy, but these are now both
occupied. If the free atoms are brought together as a
crystal, forming an energy band, all the states in the
band will be filled. It is no longer possible for an
excess of electrons to arise in a magnetic or electric
field. There can be no such excess because N(Ey) is

E

T

(&)
— N(E) .

Fig. 4. The conduction band at the two extremities of a specimen
(length L) across which a voltage is applied. The conduction of
electricity can be considered as a diffusion of electrons from left
to right under the influence of the electric field V/L. '

31 Besides the paramagnetic susceptibility calculated here there

is also a negative contribution from the diamagnetism of the

" free electrons. This reduces the result to 2/3 of the value
given. - ; C
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zero; there is no Pauli susceptibility and no metallic
conduction. .

.. In reality the element beryllium /s a metal. As
explained in fig. 2¢ this is because a free Be atom has
available a number of further quantum states (e.g.
those of p electrons) which are not occupied, at levels
close to those of the occupied s states. If we attempt to
picture the transition from free beryllium atoms to
solid-state beryllium, then both the occupied and the
empty levels would be spread out to a band. In beryl-
lium these bands overlap, giving a combined band
with more than enough states for the 2N electrons;

— N(E)
a b

[[=%
o
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er temperatures the charge carriers can be excited
thermally from the full band into the empty band
(fig. 5), then the substance is a semiconductor. If two
bands just overlap at the level of the Fermi energy, so
that N(Ep) is very small, the substance is called a
semimetal. Bismuth, antimony and grey tin are
examples of semimetals. The value of N(E¥) for bis-
muth is about 10% times smaller than that for an
ordinary metal such as copper.

From the foregoing it is evident that although N (Er)
is not zero for all metals, this quantity can assume
widely different values in different metals. On the basis

:
Z

S
>

Fig. 5. Energy diagrams as in fig. 3 (N(E) vs E). a) Metal in which only one energy band is of
importance for the conduction. ) Metal in which two bands are involved. ¢) Insulator.
d) Semiconductor. ¢) Semimetal. The semiconductor differs from the insulator only because
the empty band is within the reach of a small number of electrons by thermal excitation.

beryllium is therefore a metal. N(Ew) is thus not
necessarily zero for an element with two valency elec-
trons per‘atom.
. -Thus, whether the crystal produced is a metal or an
insulator depends on the energy levels of the states of
"the free atoms and on how much these states are spread
out (and mixed) when the atoms are brought together.
An insulator is possible only if there are an even num-
ber of valency electrons per unit cell. If a band is partly
filled, as will be the case when there are overlapping
bands, then we have a metal. If a band is full and there
is a large difference in energy between it and the next
- empty band, then the substance is an insulator. If the
energy difference between a filled band (at absolute
zero) and a higher energy band is so small that at high-

of the proportionality between conductivity, electron
excess and N(Er) as suggested by fig. 4, it might be
expected that the conductivity of different metals at the
same temperature would also have widely differing
values. In fact, however, the differences between the
conductivities of the metals are fairly modest, as can
be seen from Table I.

For a good comparison between the conductivity of
the various metals the values of the resistivity should
be compared not at some fixed arbitrary temperature
(room temperature in Table I) but at the temperature
at which the same number of lattice vibrations are
excited, i.e. at the Debye temperature @p (the resistivity
of each metal at its Debye temperature is given between
brackets in Table I). It can be seen that for bismuth,
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Table I. The electrical resistivity (in 1.Q cm) of a number of pure
metals at room temperature. The metals are arranged as in the
periodic table of the elements. The value between brackets is the
resistivity at the Debye temperature for each element (41,

Li Be
9.3 3.2
an (15)
Na. Mg Al
4.7, 4.3 2.75
(2.5) ) 4.0)
K Ca Cu Zn Ga
7.2 3.6 1.70 5.9 14.8
22). | 2.8 2.0) 6.5) 16
Rb Ag Cd In Sn Sb
12.5 1.61 7.3 8.7 11.0 41
2.4) (1.2) (5) (3.2) (7.5) (30)
Cs Au Tl Pb Bi
20 2.20 16 21 116
(2.6) (1.2) @) (7.5) (46)

for which N(E¥) was a factor of 108 times smaller than
for copper, the resistivity is only about 10 times larger.

This apparent contradiction arises because N (Er) is
also of significance for the conductivity in another-way:
via the scattering process. The mean free path of the
conduction electrons, which is one of the factors that
determine the conductivity, depends not only on the
temperature and the purity of the metallic element but
also on the probability that an electron passing near an
impurity atom is in fact scattered, as we noted earlier.
We are concerned here with the concept of transition
probability. Scattering of the electron changes its
direction of motion; in principle the electron goes to
another state of different energy within the conduction
band. This is possible only if there are unoccupied
states in the neighbourhood of the Fermi level. The
number of such states and hence the transition prob-
ability is proportional to N(EF).

We now see that N(Ew) enters into our description
of electrical conductivity twice. The larger N(£w), the
larger the number of electrons contributing to the
conduction process but also the higher the probability
that a given electron is scattered by an impurity atom
or by a lattice vibration, i.e. the shorter the mean free
path. These two effects of N(Ew) largely compensate
each other so that the electrical resistivity of semimetals
such as bismuth and antimony is not so very different
from that of ordinary metals.

Electrical conduction in the transition metals

In this section we examine more closely the group of
metals that include the ferromagnetic metals — the
subject of this article. This group is that of the transi-
tion metals, the central group in the periodic system
(the three rows Z = 21 to-28, 39 to.46 and 57 to.78).
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In a transition metal the conduction is not entirely
duetothe‘conventional’ conduction electrons,whichcan
be considered to arise from the atomic s and p electron
states, as in non-transition metals: the d electrons also
have a.part to play. In fact d electrons are also present
in copper, silver and gold. The energy bands of these
three metals are shown in fig. 6. The energy scale is
stretched compared with the previous figures and the
N(E) scale is compressed. The conduction band, which
will contain the s electrons, is only partly filled: copper,
silver and gold are in fact good metallic conductors.
In addition, however, there is an energy band con-
taining states that can be thought of as originating
from the atomic d electron states; copper has ten 3d
electrons and for silver and gold there are ten 4d or 5d
electrons. These 10 states form a (narrow) band, which
is completely filled. The presence of the d band there-
fore has no effect on the conduction properties. The d
band does however contribute to the cohesion of the
atoms in the crystal (relatively high heat of evapora-
tion) and its presence accounts for the characteristic
colours of copper and gold (51,

In fig. 7 we consider the elements lying to the left of
Cu, Ag, Au in the periodic system: Pd, Pt and para-
magnetic nickel. The energy-level diagrams can again
be constructed from a conduction band derived from
s- and p-like atomic states and a band corresponding
to the d states. Now, however, the d band is not full;
Pd, Pt and Ni have ten valence electrons which are '
distributed over the conduction band and the d band
in such a way that the energy is at a minimum. In effect
these three metals have about 9.5 electrons in the d
band and 0.5 electrons in the s,p band.

What is the effect now of the unfilled d band on the
electrical resistance ? At first sight it would appear that
the resistance ought to be lower since, besides the
conduction-band electrons, the d electrons should now
also make a contribution to the conductivity. This
contribution is virtually absent; d electrons move
slowly (they have a large effective mass) and, because
N(Ep) is large, they have a short mean free path. The
unfilled d band actually increases the resistance. The
s,p conduction electrons can also be scattered into

41 Resistivities taken from G. T. Meaden, Electric resistance of
metals, Plenum Press, New York 1965. The values at the
Debye temperatures are from C. Kittel, Introduction to solid
state physics, 4th edition, Wiley, New York 1971.

81 Light of a wavelength such that it can excite'electrons from
the d band.into a non-occupied state in the conduction band
at an energy greater than Ep will be relatively strongly
absorbed. The energy difference AE between the top of the'd
band and Er (see fig. 6) determines the absorption edge. For
copper and gold AE is about 2 €V, which corresponds to a
wavelength of 500 nm. Light of wavelength shorter than this
is strongly absorbed by copper and gold; the reflected light
has the complementary colour, i.e. yellow-red. In silver the
d band is deeper; AE is about 4 eV (4 = 250 nm), so that no
selective absorption or reflection occurs in the visible region.
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states in the d band as well as into states with energies
near Er in the conduction band itself. This increases
the transition probability for scattering and hence the
resistance. For this reason the electrical resistivity of
the transition metals is generally higher than that of
the non-transition elements. If the d band were absent
all the transition metals would have a resistivity com-
parable with that of Cu, Ag or Au.

“As can be seen in Table II, the resistivity of the
transition metals is not only considerably higher than
that of Cu, Ag and Au, but there are also wide varia-
tions. The reason for this lies in the structure of the d
band. If N(E) has a minimum near to the Fermi
energy then the resistivity may be fairly low, as is the
case for Mo and W.

Finally, we shall consider the difference between the
ferromagnetic transition metals Ni, Co and Fe and a
paramagnetic transition metal. As already explained
(fig. 3) the energy bands of fig. 6 and fig. 7 ought really
to be divided into two sub-bands depending on the
orientation of the magnetic moment of the electron.
This division can be observed in a magnetic field: the
two bands acquire a difference in energy and because
of the high value of N(E¥) the paramagnetic Pauli sus-
ceptibility becomes very much larger in the transition
metals than in the non-transition metals. In a ferro-
magnetic metal, even in the absence of an external
magnetic field, the occupation of the two sub-bands of
opposite spins is unequal ( fig. 8). In nickel, for example
one of the reasons for this is that there is an electrostatic
repulsion interaction between the d electrons, which
has a magnitude different for electrons with parallel
spins .than for electrons with antiparallel spins. It
turns out that the energy is at a minimum when there
are different numbers of d electrons in the two spin
directions.

We see here that the magnetic moment (per atom)
of a ferromagnetic metal can assume any value, i.e. it
need not be an integral number of Bohr magnetons.
The ferromagnetic moment is given by the difference in
occupation between the two sub-bands of oppositely
directed spins. In nickel one sub-band is exactly full;
the other is occupied to the extent of 4.4 electrons per
atom so that the ferromagnetic moment is approx-
imately equal to 0.6 Bohr . magnetons per atom.

It will now be clear that electrical conduction in
ferromagnetic metals is a complicated matter. Firstly,
the contribution from the electrons in the conduction
band depends strongly on the scattering to the d band.
Secondly, there are two d sub-bands in which the
density of states may differ very appreciately. Finally,
there is a further complication, or perhaps it might be
called a simplification. N. F.-Mott [6] suggested that
for the electrical resistance of ferromagnetic metals a
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Fig.6. Energy diagrams for the metals copper, silver and gold.
In addition to the conduction band, which contains s-like elec-
trons, there is a relatively narrow band of d states. This band is
completely filled and makes no contribution to the conduction.

Pd
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EF 8RR
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Fig. 7. Energy diagram of a transition metal (for Pd, Pt or Ni
above the Curie temperature, i.e. paramagnetic). The situation
is very similar to that of fig. 6, except that the d band is now not
filled.
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Fig. 8. Energy diagram of a ferromagnetic transition metal (Ni).
The two possible orientations of the electron spins make it
necessary to regard the band as split into two sub-bands. Even in
the absence of a magnetic field these two sub-bands are not
equally filled (see fig. 3b). The two s,p sub-bands remain to a
first approximation equally filled.
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sharp distinction should be made between scattering
processes in which the spin reverses and processes in
which the direction of spin is maintained. Scattering
with spin reversal is less probable. According to Mott’s
suggestion there are two parallel electron streams
when a current flows in a ferromagnetic metal: those
with the spin parallel t6 the ferromagnetic magnetiza-
tion and those antiparallel (in fig. 8 those on the left
are parallel, those on the right antiparallel). These two
currents are subject to quite different resistances; for
the electrons on the left of fig. 8, which we shall now
call {-electrons, there is very little possibility of being
scattered to a d state (and therefore the resistance of
these electrons is small), whereas the possibility that
|-electrons are scattered into a d state is large. It is
interesting now to consider how the existence of two
independent contributions to the electric current in
nickel, for example, can be demonstrated. In the next
section we indicate that this can be done through a
study of the electrical resistance of ternary nickel alloys.

The residual resistivity of ternary alloys

The residual resistivity of a metal is the value of the
resistivity at such a low temperature that the contri-
bution from the lattice vibrations is negligible. The
residual resistivity of a given metal depends on the
nature and concentration of the lattice imperfections,
e.g. impurities. The residual resistivity caused by a
given impurity can be characterized by the value per
atomic per cent of that impurity, the ‘residual resist-
ivity’ pa. The total resistivity caused by metal A,
present in the concentration ca, is then capa. The
residual resistivity increases the more the impurity
metal differs from the host metal. Differences in
valency and in atomic volume, for instance, are impor-
tant. If we take as an example the residual resistivity
due to various impurities in copper (Table IIT), then we
see that the residual resistivities of neighbours to Cu in
the periodic table (Ag, Zn and Cd) are indeed relatively
small. We note that the resistivity caused by one per
cent of a.dissolved metal is comparable with the
resistivity produced in pure copper by lattice vibra-
tions at room temperature and in some cases is even
much larger. ‘

If two elements are dissolved in copper their separate
residual resistivities may be added up, provided that
the total concentration of the two elements is not too
large, i.e. that the host metal is still effectively copper.
This is Matthiessen’s rule:

@ = capa 1 CBOB. : )

If the host metal is ferromagnetic; the residual resist-

ivity due to impurity metals cannot be characterized by
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Table II. The resistivity (in pQ cm) of pure transition metals at
room temperature compared with that of the metals Cu, Ag and
Au (right-hand column). The values between brackets are agam
the values at the Debye temperature [4],

Mn Fe Co Ni Cu
1.70
(2.0

Sc Ti |V Cr
47 43° | 20 13 139 9.8 5.8 7.0
(58) | (62) | (26) | (28) | (195) | (16) | (® | (AD

Y | zZr | Nb | Mo | Tc | Ru | Rh | Pd || Ag

58 42 14 5 14 ‘1.4 4.8 | 10.5 || 1.61
G5y | @n | a3) | 3 asy [ @® | ao (| .2)
La Hf Ta W .| Re Os Ir Pt Au
79 31 13 5 19 9.1 5.1 | 10.4 || 2.20

G|y | [ A8 | M | O

1.2)

Table IIL. The residual resistivity of impurity metals (in p.Q cm
per atomic %) dissolved in copper [?] and in nickel (8-10], The
upper value refers to copper alloys, the next to the resistivity of
the 4-band and the lowest to the }-band of the conduction
electrons in nickel alloys.

A Mg | Al | Si |
oa(Cu) 10.8 10.95( 3.1
eat(Ni) 3.6
oAt (Ni) . 5.2

\" Cr | Mn | Fe | Co Ni Cu | Zn | Ga | Ge

- 4.0 |29 |93 |69 1.1 - 1031437

11 39 |0.86 (0.53]0.24 - 1.28

7.2 5.6 142 |40 |29 - 4.1

Nb | Mo | Tc | Ru| Rh Pd Ag | Cd | In | Sn

- - - - |44 095 [02]03]| 1.1 (3.1
16091 | 2919 54 |7.7 | 0.30020 4.8
7001 | 8I9] 5.5 12.3 | 0.30020 6.2
Ta W | Re [ Os | Ir Pt Aw|Hg| Tl | Pb~
- - - - |6.1 2.0 055110 - |33
1619 (17091 26 | 599313590 3.9 0.47

1.0

go)l | 7101 6.4 | eto1] st91 2.00

only one quantity: the residual resistivity for the T-band
can differ very considerably from that for the }-band.
The residual resistivity for element A in nickel (for
example) is in fact the equivalent resistance of the two
parallel resistances ga' and pat (fig. 9). We have:

oa = 0a'oa’/(ea + oa¥). @

If we now dissolve two impurities, metals A and B, in
a ferromagnetic metal, then Matthiessen’s rule is valid
for each of the two currents:

o' = caoat + cpes’,
o% = caga’ + croB'.. )
However, we cannot calculate the equivalent resistance

6 N, F. Mott, Proc. Phys. Soc. 47, 571, 1935. .

71 F. J. Blatt, Phy51cs of electronic conducuon in so]xds,
McGraw-Hill, New York 1968, p. 199.

81 J, W. F. Dorleun and A R. Mledema, J. PhysmsFS 487
1975, and 1975, in press.’

91 J. Durand and F. Gautier, J. Phys. Chem. Solids 31,-2773;
1970.

[101 T, Farrell and D. Greig, J. Physics C 1, 1359 1968. The
. experimental values of the sub-band resistivities in' [9] and
[10] are derived from the temperature dependence of the
remstmty of binary ‘alloys. :
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in the same way as (2). This can be seen from fig. 10. To
make Matthiessen’s rule valid, the switch S would have
to be closed. Only in that case are the sub-band resist-
ivities due to A and B in series as well as the equivalent
resistivities, When the switch is open the total resistance
is generally higher than when the switch is closed; we
can therefore conclude that in ternary nickel alloys
only positive deviations from Matthiessen’s rule (1)
ought to occur. :

The following calculation illustrates the point nicely.
We assume that 1% of the metal A in nickel gives a
resistance 10 in the {-band and a resistance 1 in the
|-band, whilst for 1% of metal B the opposite applies.
The equivalent resistance and hence the residual
resistance for each element separately in Ni is then 0.9.
If 0.59% of A and 0.59 of B are now dissolved in
nickel then the residual resistance in both the {-band
and the |-band is 5.5; the equivalent resistance is then
2.75. We see that while 19 of each metal separately

Fig. 9. The residual resistivity of a binary ferromagnetic alloy
(metal A in nickel) in the two-current model. When electrons are
scattered by the A atoms (the origin of the residual resistivity)
the spin orientation remains unchanged, so that two kinds of
moving electrons may be distinguished, each of which experiences
resistance. The corresponding resistivities are denoted by gat
and pat. These resistivities are sometimes very different.

4
-1

Ca 9,’4 l

]
-Cg8s

|
Ca8a

Fig. 10. Equivalent circuit (see fig. 9) of a ternary nickel alloy.
ca is the concentration of element A, ¢p that of B. Matthiessen’s
rule is not valid here; it would only be valid if the switch S were
closed, which it is not.

gives a resistance of 0.9, 1% of an equal mixture of
the two gives a resistance that is at least three times
larger.

Measurements corresponding to the foregoing case
are plotted in fig. 11. The residual resistivity of ternary
nickel alloys, with Co and Rh, is plotted against con-
centration. The sum of the Co and Rh concentrations
is held constant at 3 atomic . The dashed line is the
curve to be expected from Matthiessen’s rule. In fact
the resistance of the ternary alloys is always higher, as
would be expected. From the measurements the four
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Fig. 11. Residual resistivity of ternary alloys of nickel with Co
and Rh. The total concentration of Co and Rh taken together is
maintained at 3 9. The dashed line corresponds to Matthiessen’s
rule.

relevant parameters gco’, 0co', orn' and omn* can be
derived that determine the electrical behaviour of Co
and Rh in nickel (Table IV). The solid line in fig. 11 is
calculated by using values of these parameters that give
the best fit.

Experimental results such as those of fig. 11 can be
regarded as a proof of the existence of two-current
conduction in nickel. The deviations from the linear
behaviour are very large and other explanations for the
deviations are not at all obvious. Further convincing
evidence for the correctness of the explanation of the
deviations from Matthiessen’s rule can be obtained
by repeating the experiment for alloys of nickel and
cobalt and another third element. If the model is correct
and the measurements reliable, the results for pco’ and
gco' should not depend on the nature of this third
element. This is in fact true within reasonable limits
(see Table IV). A fairly complete set of resistivity
values derived from this type of experiment for differ-
ent solute metals in nickel is given in Table III.

It is interesting to consider why one impurity tends
to scatter the conduction electrons in the -sub-band
while another gives the greatest resistance in the
J-band. (The energy diagram for nickel (fig. 8) shows
which of the two sub-bands gives the larger resist-
ance). The answer to this question can be found inlocal
deviations in the values of N1(Er) and N*(EF) occur-
ring 4t the positions of the impurity atoms responsible
for scattering. Lattice vibrations as well as impurities
such as the neighbours of nickel in the periodic table
(Co and Cu) give the largest resistance in the band
that would be expected from fig. 8 (the right-hand
J-band). If on the other hand a metal far from nickel
in the periodic table is dissolved in nickel, there need
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Table IV. The residual resistivities pt and g¢ (uQcm per
atomic %) of cobalt and rhodium dissolved in nickel, derived
from measurements on groups of ternary nickel alloys 111 (5 or
6 values of x per group). The values depend only slightly on the
nature of the third element present in the alloy.

Alloy gco® | ocot Alloy grut | gmrnt
Nig7CozRhs-z | 0.264 | 2.52 || Nig7CozRh3s-, | 8.13 2.30
NigeCozRus—5 | 0.261 | 3.06 || NigzAuzRhs- | 4.61 2.98
Nig7CozAus-z | 0.259 | 1.59 || Nig7CuzRhz— | 7.31 2.40
Nig7Co5Crz-. | 0.21 4.3 Nig7RuzRhs—,| 7.62 | 2.23

Table V. The resistance anisotropy for the two currents in a
number of binary nickel alloys. The elements are arranged in
order of decreasing value of the ratio o = g4(//)/ot(//).

Impurity o Apifet | AgY/oV
element | (see eq. 5) (%) (%)
Co 12.0 + 145 —1.7
Fe 7.5 + 143 | —0.7
Mn 4.9 + 9.1 —1.2
Au 4.2 + 85| —0.5
Cu 3.2 + 9.7( —25
Al 1.4 + 75| —1.2
Sn 1.3 + 61| —1.3
Ti 1.1 + 44| —34
v 0.66 + 73| —4.5
Rh 0.30 + 75| —2.3
Pt 0.25 + 42| —0.2
Re 0.25 + 60| —1.7
Cr 0.15 +4+ 53| —1.1
Ru 0.10 + 57| —1.1

be no relation between the local and the total densities
of states. For a metal such as chromium in nickel there
is the difficulty that as a free atom chromium has avail-
able only 5 of the 10 possible d electrons. Chromium
atoms in nickel rather resemble free chromium atoms,
as in the picture of fig. 2. Because atomic chromium is
quite different from atomic nickel, a local density of
states can arise for d electrons near the chromium
atoms that is very different indeed from that of the
pure nickel. For the scattering of conduction electrons
by chromium in nickel these deviations in the local
density of states are of considerable significance.

Resistance anisotropy

In the introduction we mentioned that the resistance
of a ferromagnetic metal depends on the angle 8 be-
tween the current and the magnetization. In an inves-
tigation of the resistivity of nickel alloys, as described
in the previous section, it is therefore important that
this angle is always the same during the measurements.
Only results measured with 6 = 0 have so far been
used, i.e. the current parallel to the magnetization (and
to the external magnetic field).

It is interesting to repeat the analysis for the case in
which the current and the magnetization are at right
angles. The characteristic residual re;sistivities found in
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the previous section should have been denoted by
0a'(/)) and pa*(//). We now find the residual resistivity
for the sub-bands for the orthogonal configuration
0a'(]) and pa¥()). Now it is interesting to consider
whether the anisotropy in the resistance occurs equally
in the 7-band and the }-band, or whether it depends
substantially on one band only.

Table V summarizes the results of our analysis. We
can express the results in terms of the quantities
Apa'/oa! and Aga¥/ea*, which are defined as:

Aoatloat = {eatUD —eat(D¥eal (D, “a)

Boatfoat = {ea"UN — ea*(DHes*(D.  (4b)
The tabulated results exhibit a clear pattern. For all
elements in nickel the anisotropy is positive for the
T-sub-band and negative for the |-sub-band. In approx-
imate terms Ag®/p?! lies in the region of 109 while the
mean value of Ap*/o* is about —29%,. The approx-
imately constant values of Ag/p for each sub-band for
different elements are particularly surprising since there
are large differences in the actual resistivity values (see
Table IIT).

If Ap'/p' and Ap'/o* were true constants, there
would be a simple relation between the experimentally
measured resistance anisotropy and the ratio « of the
total resistivities of each of the sub-bands:

a = e*(Ne*U)), ®
a (Apt 1 . /A"
(Selodex» = a<?_) ¥ a(‘ér) ©)

For metals that preferentially scatter the |-conduc-
tion electrons, o is large; the observed effect is then
substantially the same as that of the {-band only. If «
is small, the converse is true. For constant Ag'/e® and
Ag*/e*, the experimental resistance anisotropy, plotted
as a function of o, will give a hyperbola.

We know from our analysis the values of o' and oV
for most elements in nickel, and we can therefore cal-
culate o« for our ternary alloys from (3) and (5). In
figs. 12 and 13 the measured anisotropy at 4.2 K is
plotted against the calculated «. Fig. 12 refers to the
results for small «. The circles denote results for
ternary alloys; the black dots relate to measurements
on binary alloys. The correlation between the aniso-
tropy and the value of o as given by (6) can be rec-
ognized although the curve is not an exact hyperbola.
The correlation appears to be so good, even though
Ag'/o" and Ag*/o* are only very approximately con-
stants, largely because the deviations of Ag'/e! from

[11) The values for Nig7CozCrs-z (left-hand column, below) are
taken from P. Leonard, M. C. Cadeville, J. Durand and
F. Gautier, J. Phys. Chem. Solids 30, 2169, 1969. Those for
the seven other alloys are from J. W. F. Dorleijn and
A..R. Miedema (8],
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the mean value vary systematically with o ; see Table V.
We have no explanation for this, but such a simple
cortelation between « and the anisotropy is of course
most welcome for prediction of the resistance anisot-
ropy in alloys for which there are no experimental data.

Fig. 13 shows that the resistance anisotropy of
nickel alloys at low temperatures is largest (about
+13%) for the alloying elements Fe and Co. This
should not be taken to mean that Ni-Co and Ni-Fe
alloys will be the most suitable materials for practical
application of the anisotropy effect since applications
of the effect are at room temperature.

The situation at room temperature differs from that
at low temperatures mainly because the conduction
electrons are now scattered not only by impurities and
their defects but also by phonons (lattice vibrations).
For our way of looking at the situation this is not a
serious complication because we can also treat the
phonons in much the same way as the alloying elements
in the nickel [12], A binary alloy of Ni and Co at high
temperatures is thus comparable with a ternary alloy
of Ni and Co and (say) Cu at low temperature. For
nickel at room temperature (300K) the resistivities
due to phonons are gpn' =27 uQcm and
opn! = 6.7 uQ cm. We have then « = 4. The contri-
bution from the phonons is therefore not too great a
disadvantage in the application of the magnetoresist-
ance-anisotropy effect.

A second difference from the situation at low tem-
perature is more serious. So far we have assumed two
completely independent currents in nickel. At high
temperatures this is no longer justifiable: it is also
necessary to take account of scattering processes in
which the magnetic moment of the conduction elec-
trons is reversed, e.g. scattering of electrons by mag-
netic thermal excitations, i.e. spin waves. The prob-
ability of these spin-reversal processes increases with
the temperature, approximately as 72. This scattering
probability can be expressed as a resistivity for spin-
reversal processes o't.’At room temperature the value
of o' for nickel is about 11 pQ cm. From this it may
be concluded that for nickel alloys-with a total resist-
ivity of about 10 pQ cm the resistance-anisotropy effect
at room temperatuie will be considerably weaker than
at low temperatures: If the resistivity of the dissolved
metal is much larger than 10 pQ cm, then at room
temperature the effect will be almost as large as at low
temperature, as can be seen from fig. 13. The effect of
spin reversal can be included in eq. (6) by introducing
an effective value of «, which can be found from:

a = {o*() + 22"} {'UD + 22"} . (D

With o'¥ = 11 yQcm at room temperature and the
phonon resistivities given above and the residual
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Fig. 12, The resistance anisotropy (see eq. 4) of nickel alloys at
4.2 K plotted as a fuction of «, i.e. the ratio of the resistivities in
the two sub-bands (see eq. 5). The circles refer to ternary alloys,
the black dots to binary alloys. The measured points agree only
approximately with the predictions from eq. (6).

resistivities given in Table III, the resistance anisotropy
of any dilute nickel alloy can be calculated [13],

From Table III it can be deduced that the residual
resistivity of Fe or Co in nickel, each of which have
such a high anisotropy (see fig. 13), is relatively small,
so that the requirement for a residual resistivity much
larger than 10 pQ cm cannot be fulfilled with practic-
able percentages of Co and Fe. It is not therefore
possible to state immediately which alloy will have the
largest anisotropy effect at room temperature.

Equation (7) and fig. 13 are even more important if,
in a particular application of the resistance-anisotropy
effect, it is necessary to have not only a high value for
the effect, but also other requirements for the material.
These could include a high resistivity, low magnetiza-
tion (i.e. easy rotations of the direction -of magnetiza-
tion of a layer) or a minimum value of the magnetostric-
tion. In all such cases the parameters and relations used
in this section can be successfully employed to predict
the anisotropy effect.
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Other alloys; other conduction-related effects in
ferromagnetics

Although we have mainly considered nickel alloys,
the above approach should in principle be valid for all
ferromagnetic metals. Comprehensive experimental
results on the resistance anisotropy are however only
available for nickel alloys; for iron and cobalt little
more is known than that the effect does exist in the
pure metals. However, it has been convincingly shown
from an analysis of the temperature dependence of the
resistivity that two distinct parallel currents occur in
alloys based on Co or Fe.
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For nickel the slope of the curve at the higher field-
strength corresponds to the conventional Hall effect;
extrapolation of this part of the curve to B = 0 gives
the anomalous Hall effect. A noteworthy property of
the metals showing the anomalous Hall effect (inves-
tigated in some detail at Philips Research Laboratories
in the fifties [15] [16]) is that alloys with a high resistivity
also have a large Hall effect. Over a considerable range
of resistivity values, the anomalous Hall effect varies
approximately as g2. In pure nickel it vanishes com-
pletely at low temperatures (151, In dilute nickel alloys
at low temperatures the effect is strongly dependent on

5%
4o/0
ol
5 L
Al o
Sn
.%Ti

Fig. 13. As fig. 12 but for larger values of a.

Finally, we shall briefly discuss the other remarkable
conduction effects that can be observed in ferro-
magnetic metals. The anomalous Hall effect has been
mentioned in the introduction. In a non-ferromagnetic
metal the Hall effect is caused by the Lorentz force
acting on the conduction electrons in a magnetic field
perpendicular to their direction of motion: when the
current in a conductor is perpendicular to a magnetic
flux density B, the Lorentz force accelerates the charge
carriers in the direction perpendicular to B and the
current 7. A Hall voltage Ex is thus set up that is pro-
portional to B, with a corresponding Hall resistance
Ex/I. In ferromagnetic metals, besides this conven-
tional Hall effect, there is a large additional component
present that is not proportional to B, but depends only
on the presence of a magnetization. This anomalous
Hall effect is extremely large for some metals. Fig. 14
shows the conventional Hall effect in the simple metals
silver and gold and the Hall effect in nickel at room
temperature as measured by A. Kundt [14], in 1893.

the nature of the impurities responsible for the electrical
resistance (171, ‘

In addition to the anomalous Hall effect, for which
the theoretical explanation is still incomplete, many
other unusual effects related to the conductivity can be
expected in ferromagnetic metals. The existence of two
independent, magnetically polarized, conduction bands
has far-reaching consequences.

We note that in the two-current model the presence
of an electric current implies the presence of a moving
magnetization or, rather, of two equal moving magneti-

1121 A detailed investigation of the two-current model in nickel
and iron was made by A. Fert. See A. Fert, dissertation, Paris
(Orsay) 1970, and A. Fert and I. A. Campbell, J. Phy51que
32, Colloque No. 1, p. 46, 1971.

[13]1 O, Jaoul, dlssertatlon, Paris (Orsay) 1974. |

[141 A, Kundt, Das Hall’sche Phinomen in Eisen, Kobalt und

- Nickel, Ann. Physik u. Chemie 49, 257-271, 1893.

(151 J. Smit and J. Volger, Phys. Rev. 92, 1576, 1953

(1617, Smit, Physica 21, 877, 1955 and 24, 39, 1958.

1171 A ‘useful review is given in: C. M. Hurd, The Hall effect in
- . metals and alloys, Plenum Press, New York 1972.
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zations of opposite sense which move with different ve-
locities. Just as the Hall effect occurs not only when a
charge carrier moves in a (homogeneous) magnetic
field but also when the conductor itself moves in a
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magnetic field, we would expect that the magnetization
that moves with the electric current in a ferromagnetic
metal will give rise to new and unusual galvano-
magnetic effects. This is a field as yet unexplored.

4
X
D—______g_._——g———o
o]

2F

; Ni

0 { | ] 1

0 5 10 5 20 25k0e
—_— B

Fig. 14. Left: Hall effect in silver and gold, measured in 1893 by A. Kundt [14], The Hall volt-
age is plotted (in arbitrary units) against the strength of the applied magnetic field. In these
metals only the conventional Hall effect is observed. Right: Hall effect in nickel. In addition
to the conventional Hall effect we now also observe the anomalous Hall effect. The slope of
the upper part of the curve is a measure of the conventional Hall effect; the intercept on the
y-axis obtained by extrapolation of this line to B = 0 is a measure of the anomalous Hall
effect (the corresponding Hall resistivity is about 10=7 £ cm).

Summary. Ferromagnetic metals differ in several ways from
ordinary metals in their conduction properties. The orientation
of the magnetization with respect to the direction of the electric
current -has an important effect on quantities such as the resist-
ivity. Many experimental measurements have been made on con-
duction in ferromagnetic metals but the theoretical description
still leaves much to be desired. This article first gives a general
introduction to metallic conduction, followed by a review of

the experimental results on the resistivity and the resistance
anisotropy of nickel alloys. In the interpretation of the meas-
urements it is assumed that the conduction electrons can be
divided into two independent groups — those with their magnetic
moment (i.e. spin) parallel to the ferromagnetic magnetization
and those with spin antiparallel to the magnetization. The use-
fulness of this model is apparent from the analysis of the resist-
ance anisotropy.
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Electron resists
for the manufacture of integrated circuits

E. D. Roberts

In semiconductor technology the patterns on the wafers are usually produced by an
optical method. However, in recent years an alternative method, in which the wafer is
irradiated by electrons, has been investigated for cases in which high resolution is
desired. This method requires the use of electron resists that behave like the well known
photoresists when they are irradiated by electrons. Both positive and negative working
electron resists are available to serve in various ways — etch resists, diffusion barriers,
dielectrics, etc. It seems likely that in the early stages methacrylate-type resists will be
favoured, since they are very versatile, necessitate no changes to other processes used in
semiconductor technology, and lend themselves readily to the formation of metal pat-
terns in the elegant ‘lift-off” technique. At Mullard Research Laboratories a new meth-
acrylate resist has been developed that is exceptionally suitable for the lift-off technique.
Resists such as polymethylcyclosiloxane (PMCS) have also been developed at MRL
for the direct application of silicon-dioxide patterns to silicon without etching. The use
of this method in the manufacture of transistors and integrated circuits will allow the
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full resolution of electron-beam techniques to be obtained.

Introduction

One of the procedures used in making monolithic
integrated circuits is photolithography. A coating of a
photosensitive lacquer (photoresist) is deposited on a
wafer of silicon oxidized at its surface, and is exposed
to the light of a mercury UV lamp through a photo-
mask. Depending on the type of photoresist (positive
or negative) either the exposed or the non-exposed
areas are dissolved in a liquid developer. At the places
no longer covered by photoresist the layer of SiOs can
be dissolved in a selective etching bath and the remain-
ing photoresist is then removed, leaving a pattern of
SiOs.

Electron-beam techniques for defining the pattern
required in semiconductor technology have been inves-
tigated for a number of years. Used as an alternative
for the mask and the mercury lamp in photolitho-
graphic procedures, they offer the following advan-
tages.

The beams used have high electron energies
(5-30 keV) so that diffraction effects are negligible.
This allows better definition of details in the range
0.5-2 wm than is possible with photolithographic proce-
dures, and it is expected that the yield of devices with
such detail should be substantially better than is obtain-
able by photolithography. It is also feasible to focus

-

electron beams to very small diameters (3 nm upwards)
and the use of finely focused beams can allow patterns
to be made with detail much smaller than is possible
by photolithography. It has been shown that aluminium
conductors only 0.1 pum wide can be made by electron-
beam techniques [11. The ability to make finer detail
can lead to an increase in the packing density of the
components of integrated circuits with consequent
reduction in their size and cost. Smaller components
will also reduce power requirements and increase the
speed of operation. The ease and precision with which
electron beams can be deflected by electric or magnetic
fields makes electron-beam techniques relatively amen-
able to automation. The energy of the electrons is
much greater than that of the UV photons, which will
not exceed a few electron volts. This broadens the range
of materials from which a choice of a resist can be
made.

After a brief description of electron-beam equipment
now in use and the modes of operation, this article
discusses a number of resist systems which are partic-
ularly applicable to electron-beam techniques, and
explains the mechanisms by which they operate. Several
applications of electron-beam techniques will be men-
tioned. Special attention will be given to the possibility

E. D. Roberts, B.Sc., is with Mullard Research Laboratories,
Redhill, Surrey, England.

[11 M. Hatzakis and A. N. Broers, Record 11th Symp. on Elec-
tron, ion, and laser beam technology, Boulder 1971, p. 337.
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of producing silica patterns directly on the silicon slice
without resorting to etching processes, which allows
the full resolution of the electron-beam technique to
be obtained.

Electron-beam equipment

Two types of electron-beam equipment are being
developed, one using scanning and the other projection
techniques.

Scanning equipment such as that shown schemat-
ically in fig. / has a finely-focused electron beam which
is scanned
required exposure pattern may be generated by a
flying-spot scanner that reads the information from a
conventional mask. The electron beam moves in a
TV-type raster with the flying-spot

across the resist-coated substrate. The
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Fig. 1. Schematic diagram of a scanning electron-beam appa-
ratus. C cathode. W Wehnelt cylinder that modulates the intensity
of the electron beam. An anode. L1, L2 and L3 magnetic lenses.
D deflection coils. Ap aperture. S substrate, coated with resist R.
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scanner, and is modulated by the output of the latter,
being switched on and off at appropriate times during
the scanning process 2.

The other method of pattern generation in common
use employs a computer which controls the deflection
of the electron beam to produce the required pattern(3].
In this case, a TV-type scanning raster is not necessarily
used. Both these methods are employed at Mullard
Research Laboratories.

In projection electron-beam equipment, the electron
beam is always a relatively broad one, of uniform cur-
rent density and covering the whole of the field it is
desired to expose. The pattern is produced by placing
a mask somewhere within the beam, the mask having
appropriate areas opaque to the electrons. The mask
may be in contact with the resist-coated substrate or it
may be supported within the beam, the situations being
analogous to those in photographic contact printing
and projection printing, respectively. In the latter
version of the projection method, the final image
would usually be reduced from the mask with the aid
of a suitable system of electron lenses.

An elegant variation of this technique places the
mask in contact with the cathode. This arrangement
employs a photocathode formed over a mask bearing
the desired pattern in a material opaque to ultraviolet
light 41 It is shown schematically in fig. 2. When
ultraviolet light shines through the mask electrons are
emitted from the cathode in a beam bearing the pattern,
and are accelerated towards the resist-coated substrate,
serving as an anode. Uniform axial magnetic and
electric fields between the cathode and substrate cause
the photoelectrons to travel effectively in a straight
line from the point of emission to the substrate, exactly
reproducing the pattern on the photocathode upon
the substrate. A projection system of this type enables
the whole area of a silicon slice to be exposed simultane-
ously to a beam from a repetitively patterned photo-
cathode, the time required for exposure being only a
few seconds. This method avoids the sequential ex-
posures with ‘step-and-repeat’ operations required in
scanning methods and in the reducing projection-
printing system described above, with the consequent
long exposure times for the whole slice. Since the mask
only has to be made once, projection with the aid of a
photocathode gives a considerable saving in time in
mass production.

The nature of electron resists

Resists must be capable of forming uniform pinhole-
free films on a substrate by a simple process such as
spinning, dip-coating or spraying, and it is usually only
polymeric materials which fulfil these requirements.
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When energetic electrons interact with organic
chemicals, the molecules may either be broken down
to smaller fragments, or may link together to form
larger molecules. Both types of change occur simul-
taneously, but when any given material is irradiated
one of these processes predominates and determines
the net effect upon the material. For polymers it is
known that if every carbon atom in the main chain is
directly linked to at least one hydrogen atom, larger
molecules are generally formed on irradiation, by a
process known as cross-linking. If a polymer is cross-
linked on irradiation it forms a three-dimensional
network and it becomes insoluble and infusible. This
type of polymer, which is the most common one,
forms the basis of negative-working electron resists, it
being possible to dissolve and remove unirradiated
material while irradiated material cannot be dissolved
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Fig. 2. Schematic diagram of a projection electron-beam appara-
tus using a photocathode. Ultraviolet light passes through a
mask M with appropriate opaque areas on the photocathode P.
Magnetic coils C produce an image of the pattern on the sub-
strate .S, which acts as an anode and is coated with electron
resist R.

away. Thus a residual film pattern remains on irra-
diated areas after development, and the situation is
analogous to the formation of a silver image in a photo-
graphic ‘negative’.

A relatively small number of polymers is known in
which irradiation in moderate doses predominantly
causes a break in the main polymer chain, resulting in
irradiated material having a lower average molecular
weight than unirradiated material. By judicious choice
of solvent or mixtures of solvents, it is possible to
dissolve the irradiated polymer selectively, which
allows positive-working electron resists to be formu-
lated. At higher electron exposures, however, cross-
linking predominates again and the irradiated material
becomes completely insoluble. Thus, there is always'a
limited range of electron exposures in which posmve
action may be observed.

Another consideration of importance in the case of
positive-working resists is the glass-transition temperax
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ture of the polymer, i.e. the temperature above which
the polymer changes from a glass-like structure to a
rubbery state. If the glass-transition temperature is
low, the polymer can be easily deformed and the
resolution of fine patterns developed in a film of such
a polymer may be easily impaired. Good positive elec-
tron resists should therefore have a glass-transition
temperature above the highest temperature to which
the resist will be subjected after development of the
irradiated pattern in it. It should be noted that the
requirement of a high glass-transition temperature
does not necessarily apply to negative resists. The
resist material in this case is cross-linked during irra-
diation, which automatically increases its glass-
transition temperature. Indeed, even liquids can be
used as negative electron resists, though there is some-
times difficulty in applying films of uniform thickness
of liquid initially.

Almost all polymers which give positive action upon
irradiation consist of chains in which some of the
carbon atoms are not directly linked to hydrogen (e.g.
polymethyl methacrylate, poly-a-methylstyrene, poly-
isobutylene, polyvinylidene chloride, polytetrafluoro-
ethylene, etc.). Many of these are unsuitable because
their glass-transition temperatures are too low, or
because they are not easily soluble (e.g. polytetra-
fluoroethylene), which makes application of the film
and development of irradiation patterns difficult, and
the only material which has yet found wide use is
polymethyl methacrylate (5],

Positive electron resists

Polymethyl methacrylate

Polymethyl methacrylate (PMMA) is readily avail-
able commercially. It is a long-chain polymer, the main
chains containing alternate quaternary carbon atoms

(21 J. M. S. Schofield, H. N. G. King and R. A. Ford, 3rd Int.
Conf. on Electron and ion beam science and technology,
Boston 1968, p. 561.

[31 J. P. Beasley, 4th Int. Conf. on Electron and ion beam science
and technology, Los Angeles 1970, p. 515.

M) T. W. O’Keeffe, J. Vine and R. M. Handy, Solid-State
Electronics 12, 841, 1969. Further developments at Mullard®
Research Laboratories are described by J. P. Scott, in 6th
Int. Conf. on Electron and ion beam science and technology,
San Francisco, May 1974, to be published.

51 See for instance:

I. Haller, M. Hatzakis and R. Srinivasan, IBM J. Res.
Devel. 12, 251, 1968;

H. Y. Ku and L. C. Scala, J. Electrochem. Soc. 116, 980,
1969;

E. D Wolf, L. O. Bauer, R. W. Bower, H. L. Garvin and
C. R. Buckey, IEEE Trans. ED-17, 446, 1970. .

Several other positive-resist systems, including the poly-
sulphones, have been investigated in various establishments.
See M. J. Bowden and L. F. Thompson, 2nd Symp. on
Scanning’ electron microscopy of polymers and coatmgs,
Dallas, April 1973, p. 99: .
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(i.e. connected directly to four other carbon atoms),
and upon irradiation these chains are broken. -

It has been shown theoretically by H. Y. Ku and
L. C. Scala [5] that, using a given developing solvent
(or mixture of a-solvent and a non-solvent), and
provided the molecular weight of the resist material
(e.g. PMMA) is sufficiently high, the exposure required
to produce a positive image is independent of the
molecular weight of the resist material. Also, the
molecular weight of the irradiation-degraded material
is almost independent of the original molecular
weight. In the development process it is necessary to
remove irradiation-degraded polymer without affecting
the unirradiated material. Clearly, the greatest chance
of accomplishing this successfully will occur if the
original material has the highest possible molecular
weight.

Most investigators working with PMMA have used
developers containing mixtures of a good solvent for
PMMA with a non-solvent. Given a liquid which is a
good solvent for a particular polymer of any molecular
weight, and a liquid which is not a solvent for the same
polymer irrespective of its molecular weight, it is, in
general, possible to find a composition of a mixture of
the solvent and the non-solvent that will act as a solvent
for the polymer below a critical molecular weight, but
will act as a non-solvent for the same polymer above
the critical molecular weight.

A typical combination of solvent and non-solvent
for PMMA is methyl isobutyl ketone with isopropyl
alcohol mixed in the volume ratio 1:3. We have
found, surprisingly, that a satisfactory developer can
also be made (and less expensively) by adding a small
quantity of the non-solvent water to the other non-
solvent isopropyl alcohol.

The minimum electron exposure required to form a
developable image depends upon the developer com-
position. Fig. 3 shows the minimum exposures required
for developers of two compositions. We have found
that for a number of commercial PMMA homopoly-
mers and copolymers 61 with 109 isobutylmethacryl-
ate, covering a range of molecular weights, the exposure
curves are almost identical, confirming the theoretical
predictions of Ku and Scala [51,

When a PMMA film is irradiated by an electron
beam, some of the electrons are scattered within the
resist, and some are also back-scattered from the sub-
strate. All these scattered electrons can also break
down the resists, and the net éffect is that the exposed
pattern may be slightly larger than the irradiated area.
This does not usually matter unless it is necessary to
produce details that are comparable in size to the beam
cross-section. A more important consequence of the
effect of scattered électrons is that the ‘edge profiles of
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developed " patterns in positive resists exhibit some
degree of undercutting. This has been demonstrated in
a number of ways by various investigators, and has
been used to advantage in a very elegant technique for
producing fine patterns of metal. The method is known
as the ‘lift-off” metallization technique and will be
described below..

Uses of PMMA resists

. PMMA resist forms a good etch mask, resistant to
many etchants. We have used it, after defining patterns
in it by electron exposure, to etch patterns in thermal
oxide on silicon with buffered HF, to etch patterns in
chromium on glass [8], as a mask in ion-etching gold
films, and even as an ion-implantation barrier against
phosphorus ions accelerated to 100 keV.

An example of lines etched in thermal oxide using a
PMMA mask is shown in fig. 4. Thus, diffusion-
barrier and passivating-layer patterns could be pre-
pared, allowing semiconductor devices (e.g. transistors,
fntegrated circuits) to be made by the same methods as
are used in conventional processing. PMMA is not
photosensitive, so safelight conditions are not required,
and the other advantages offered by electron-beam
techniques are available without changes to other
established processes.

Perhaps the most interesting use of PMMA is in the
lift-off metallization technique (), in which the un-
wanted metal is lifted off together with the resist. The
sequence of steps is shown in fig. 5. The success of this
method depends upon achieving and maintaining the
undercut profile of all edges in the developed pattern,
which allows a clear separation between the metal
deposited on the substrate and that over the remaining
resist. The applied resist film must, of course, be rather
thicker than the metal film it is desired to apply, and
great care must be taken to ensure that development of

300uC/em?

(1]

200
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Fig. 3. The minimum electron exposure e required to form a
developable image as a function of the composition ¢ of the
developer, which in one case consists of isopropyl alcohol and
water, and in the other of isopropyl alcohol and methyl isobutyl
ketone. ° : ) ‘ : :
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Fig. 4. Lines etched in a thermal-oxide film, the pattern being
defined by a scanning electron-beam equipment in PMMA resist.
Magnification 10000 . (Because the object was positioned
obliquely in all the photographs reproduced in this article,
the magnifications given are valid only for one direction, in
this case the vertical direction.)
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Fig. 5. Stages in the lift-off metallization technique. A film of
PMMA or another positive electron resist is applied to a sub-
strate (a), subsequently irradiated by an electron beam (b) and
then developed (c). After metal is evaporated over the whole
surface (d), the resist and metal deposited on it are removed (e).
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the pattern is complete, and that the developed pattern
is washed completely free of irradiated resist. Unless
this is done a thin film of polymer may remain under
the metal deposited upon the substrate so that this lifts
off together with the unwanted metal at the final stage.
With very fine patterns, washing assisted by ultrasonic
agitation is often advantageous.

Modified methacrylate resists

PMMA is a thermoplastic material and patterns
defined in it can be easily deformed if the film becomes
heated after development. If it does get hot, as for
example during evaporation of a metal, it will flow,
spoiling the undercut edge profile. No break then
occurs in the metal film at the edges of the patterns,
and it is impossible to apply the lift-off technique.

The minimum electron exposure of PMMA is limited
to about 50 u.C/cm? by the need to produce sufficient
decrease in average molecular weight during exposure
to allow the developing solvent to discriminate between
irradiated and unirradiated areas. At low electron
exposures a more active developer must be used, but
then the unirradiated polymer, which it is desired to
retain upon the substrate, dissolves appreciably in the
developer, and the undercut edge is spoiled. The lift-off
technique cannot therefore be used unless very thin
metal films are to be applied.

We have developed a modified methacrylate-type
resist which can overcome these disadvantages [8]. It
comprises methacrylate chains which are cross-linked
in the unirradiated film by anhydride bridges. The
mechanism by which this resist operates is different
from that encountered in PMMA. Electron irradiation
breaks the cross-links, restoring the straight-chain
structure, and although some breaks in the main chain
may occur this is not crucial to its operation. The
resist film, being cross-linked, is insoluble in solvents,
but becomes soluble when its cross-links are broken
upon irradiation. Thus, a more active solvent may be
used to develop patterns than is permissible with
PMMA, and the development conditions (time, tem-
perature, etc.) are less critical since it is only necessary
to distinguish between soluble and insoluble regions,
rather than between more-soluble and less-soluble
regions, as when PMMA is used. The cross-links also
confer more rigidity upon the film, making it relatively
infusible, so that it has greater thermal stability (i.e.
cross-links raise its glass-transition temperature) and
undercut edge profiles are not deformed if it becomes
heated.

61 A homopolymer is built up from identical monomer units,
a copolymer from different ones.

[71 M. Hatzakis, J. Electrochem. Soc. 116, 1033, 1969.

[81 E. D. Roberts, 2nd Symp. on Scanning electron microscopy
of polymers and coatings, Dallas, April 1973, p. 87.
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Table I. Properties of cross-linked methacrylate films.

Fraction of cross- Heat treatment Minimum exposure 9% of unexposed film dissolved
linking groups to effect at 1 min development in by I min immersion in
in copolymers cross-linking methyl isobutyl ketone
o . o} = ~m 2
(mol ) (min, “Ciin dry Ng) (i Cfem?) acetone methyl isobutyl ketone
0 (standard PMMA) (15, 200) — 90 6
1 15, 200 15 20 0
3 30, 115 — 85 7
15, 130 12 45 0
1:5% 150 20 9 0
15, 200 20 0 0
155 200 (heated 20 10 1
in air)
10 30, 115 6-8 25 0
15, 130 20 2.5 0
IS, 150 35 0 0
15, 200 35 0 0
s, 200 (heated 35 0 0
in air)

As cross-linked films are insoluble, they cannot be
applied directly, but the cross-links must be formed in
the film after it has been deposited from solution upon
the substrate. A convenient method of doing this is to
prepare two copolymer solutions, one containing
methyl methacrylate (CH2:C(CH3)COOCH3) and
methacrylic acid (CH2:C(CH3)COOH), the other
containing methyl methacrylate and methacryloyl
chloride (CH2:C(CH3)COCI) as co-monomers. The

Fig. 6. Scanning-electron micrograph of a cross-linked meth-
acrylate pattern (10 % cross-linkable polymers). The resistis heated
for 15 minutes at 115 °C, exposed at 10 .C/cm?2 and developed
for 1 minute with methylisobutyl ketone. Magnification 10 000 x .
The image shows that the new resist gives sharply defined edges.

solutions are mixed in appropriate quantities (the mix-
ture containing approximately equimolecular quantities
of carboxyl and acid-chloride groups) and the films are
spun from the mixed polymer solution. Upon heating,
anhydride cross-links are formed by the following
reaction:

CHy CHy CHy CHy CHy CHs
—CHy— C ~CHy —C — CHy— ~CHy— G —CHy—C — Chy—C
éoom3 (‘_‘OO:H. éoom, c‘ooch éo c'oocm
+ oh — éz + Hel
coocH, cocl i coocH, COOCH, co CoocH,
| I | — cHy I i |

—CHy—C —CHy—C—CH, —C
| | |
CHy

C—CH;—C—CH,—C~—
| | |

CHs CH;, CHy CH; CHs

The extent of cross-linking may be controlled by the
relative number of reactive groups in the copolymers
and by the heat treatment to which the film is sub-
jected to effect the cross-linking. 7Table I shows the
effect of these variables upon the solubility of the
unexposed films (columns 4 and 5), and the minimum
electron exposure required to produce a positive image
developable by methyl isobutyl ketone is shown in
column 3. The Table indicates that in all cases the film
has become completely insoluble after heating at a
temperature between 150 and 200 °C for 15 minutes.
It is desirable if the copolymers contain only a small
proportion of cross-linkable groups that the heating
should be carried out in a dry atmosphere. The results
for 39, cross-linkable polymers heated in an undried
atmosphere show that complete insolubility is not
achieved. This is probably because acid-chloride
groups near the surface of the film are hydrolysed by
the available moisture, thus losing their ability to form
anhydride cross-links and producing a surface layer of
acid copolymer which is still soluble in the developer.
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Fig. 6 shows a pattern made by exposing a cross-linked
resist film to a broad electron beam, the pattern being
produced by a fine copper grid placed in contact with
the resist to act as a shadow mask. Fig. 7 is a pattern
of fine lines produced by scanning a finely-focused
beam across the resist film. The undercut edges in the
developed patterns can be clearly seen. Fully cross-
linked films are unaffected even by immersion in boiling
acetone. Fig. 8§ shows the superior thermal stability of
patterns in cross-linked methacrylate.

Uses of cross-linked methacrylate films

The films with cross-linked copolymer chains may
be used for the same purposes for which unmodified
PMMA is used, i.e. as an etch mask, or in the lift-
off technique, most benefit being gained in the latter
process. Fig. 9 shows metal patterns produced by
the lift-off technique applied to cross-linked meth-
acrylate. The cross-linking makes the lift-off stage a
little more difficult as the cross-links must be destroyed
to remove the polymer. This may be accomplished,
however, by immersion in fuming nitric acid or in a
mixture of ammonia solution and acetone. While
fuming nitric acid destroys the polymer completely, the
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Fig. 7. Scanning-electron micrograph of narrow grooves (dark)
in a film of cross-linked methacrylate as in fig. 6. The resist is
heated for 15 minutes at 200 “C, exposed at 40 u.C/cm2, and
developed for 2 minutes in methyl isobutyl ketone. It can be
seen that the edges are undercut. Magnification 12 000 .

a

Fig.8. PMMA grid patterns,
obtained with standard (upper
pictures) and cross-linked (10 %)
material, before (a and c¢) and
after heating (b and d) for
15 minutes at a temperature of
130 "C. Photograph d demon-
strates the very good thermal
stability of patterns in the new
resist. The preparation of the
standard PMMA pattern con-
sisted in heating for 15 minutes
at 200 °C, exposure at 50 .C/cm?
and development for 1 minute
with isopropyl alcohol diluted
with 59 of water. The cross-
linked methacrylate pattern was
made by heating for 15 minutes
at 200 °C, exposing at 40
wC/em? and developing for 1
minute with methyl isobutyl
ketone. Magnification 3000 x.
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Fig. 9. Aluminium patterns on silicon produced by the lift-off
technique with cross-linked methacrylate (39, cross-linkable
polymers) resist (@), gold patterns on silicon (b) and gold patterns
on oxidized silicon (¢). Magnifications: 6750 >, 8500 < and
8500 <, respectively.

acetone/ammonia mixture only breaks the cross-links,
thus:

CH;
CH, polymer (‘2 — polymer —
polymer — C - polymer (.“O
co N,
(o] + 2NH; —» +H,0
co NH;
polymer c polymer (ITO
CHjs polymer — & — polymer —
cHy

The separated chains then dissolve in the acetone just
as PMMA does. We developed the acetone/ammonia
mixture for metals that are attacked by fuming nitric
acid.

Negative electron resists

In principle, many materials are available for use as
negative resists, for most materials are cross-linked
upon irradiation by electrons. The choice may be
limited, however, by the sensitivity required, solubility
of the resist, etc. [91.

In our work on negative resists we have concentrated
upon siliceous (silicon-containing) materials. These
enable siliceous film patterns to be produced directly
by the beam, and it is possible by subsequent treatment
to convert these films to a material having properties
identical with thermal silica.

Polymethylcyclosiloxane (PMCS)

G. H. Wagner er al. have shown that polymers
resembling silica in structure could be prepared by
hydrolysis of certain organotrichlorosilanes 101 In
order to avoid excessive formation of three-dimension-
ally cross-linked polymers at this stage, the hydrolysis

jas carried out in a mixture of diethyl ether and ice. We
have found that this same procedure can be applied to
the hydrolysis of methyltrichlorosilane ['11. Since this
molecule contains the smallest possible alkyl group
(methyl), the polymer derived from it will have a struc-
ture as near as possible to that of silica. The presence of
some alkyl groups is necessary to ensure that the poly-
mer has the solubility required in its use as a resist.
Hydrolysis of trichlorosilane or silicon tetrachloride,
for example, would give a carbon-free polymer like sil-
ica directly, but it would not have the required solubil-
ity. In any case, the methyl group introduced by methy]-
trichlorosilane can be removed afterwards effectively,
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Fig. 10. The thickness d, as a percentage of the 100%
initially applied thickness, produced as a func-
tion of the exposure e, using standard PMCS
resist (curve /), high-molecular-weight PMCS 801
(2), poly(methyl/vinyl)cyclocylosiloxane copol-
ymer (3) and polyvinylcyclosiloxane (4). sok
401
201
0
0.1
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The only drawback in using methyltrichlorosilane
instead of the higher homologues is that the loss during
preparation by cross-linked-polymer formation is

on

Upon
more cross-linked and insoluble. Curve / of fig. 10
shows the thickness of cross-linked film remaining after
various electron exposures.
maximum thickness of film remains at exposures above
140 .C/cm2, presumably because the film is then cross-
linked sufficiently to be completely insoluble in the
developing solvent. The slight shrinkage in fully ex-
posed films occurs during the irradiation stage.

greater. Yields are only about 50-60 %; of the theoretical
yield. The polymer formed in this process is believed to
consist of chains of tetrasiloxane rings joined through
siloxane bridges, thus:

CH, CH; CH, CH;
Ho—s‘/—o~5‘ifo—~sli—0—s‘v - OH
o o o o
—0—Si—0-Si—0H HO—Si~0 si—o-
CH: Oy CHy  CH

It has an average molecular weight of about 600, con-
tains about 40 9]
hydroxyl as silanol groups (OH groups linked to
silicon). Pairs of the silanol groups become cross-linked

w/w silicon and about 10-1290 w/w

irradiation, producing the desired insolubility.
irradiation, PMCS becomes progressively

It can be seen that the

91

[1o]

[11]

Among negatlve resists, epoxidized polyolefines and poly-
epoxybutadiene in particular have been examined extensively
for several years. See T. Hirai, Y. Hatano and S. Nonogakl
J. Electrochem. Soc. 118, 669, 1971. Although these resists
appear to be very sensitive, it has also been reported that
their contrast ratio is rather low, which can impair the
resolution of very fine patterns. See E. D. Feit, R. D. Heiden-
reich and L. F. Thompson, 2nd Symp. on Scanning electron
microscopy of polymers and coatings, Dallas, April 1973,
p. 125.

High-molecular-weight silicone oils have been used to pro-
duce siliceous dielectric films. See H. Aoe, Y. Yatsui and
T. Hayashida, Microelectronics and Reliability 9, 267, 1970.
G. H. Wagner, D. L. Bailey, A. N. Pines, M. L. Dunham and
D. B. Mclntire, Ind. Engng. Chem. 45, 367, 1953.

For more detailed information see E. D. Roberts, 3rd Int.
Conf. on Electron and ion beam science and technology,
Boston 1968, p. 571, and E. D. Roberts, J. Electrochem. Soc.
120, 1716, 1973.

100 uC/em?

Fig. 11. Fine lines of siliceous film produced by electron exposure
of PMCS resist. Magnification 9000 x .

Greater sensitivity can be achieved either by in-
creasing the molecular weight of the material, though
there is a limit to this process, or by introducing vinyl
groups into the molecules. Exposure curves for these
modifications are also given in fig. 10 (curves 2-4).
Fig. 11 gives an electron micrograph of some fine lines
produced in PMCS resist.

Examination of infrared spectra of PMCS films at
various stages during electron irradiation has shown
that the main mechanism by which cross-linking
occurs is the formation of siloxane bridges by the
elimination of water between two silanol groups. There
is also some reaction between methyl groups, probably
to form methylene and ethylidene bridges, thus:

—~Si—CH, + CHy—Si— —» —Si—CH,—Si— + CH,

—Si—CH; + CHy—Si— —% —Si—CH,~CH,—=Si— + H,

though this mechanism appears to occur more slowly
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than the silanol condensation, and requires much
higher exposures before it takes place extensively.
As noted earlier, the exposure curve shows that there
is slight shrinkage of the film during exposure and
development. It still contains many organic groups,

but these can be almost completely eliminated by heat-
ing the developed pattern in wet oxygen at 650 °C. The
infrared spectrum of the film is then almost identical
with that of thermally grown silica films. A subsequent
densification process at 1050 °C converts it to a form
having the same refractive index as thermal silica and
the same etch rate in hydrofluoric acid. During these
heating processes, further shrinkage takes place, the
thickness of the final silica film being about two-thirds
that of the PMCS film initially applied 111,

Use of PMCS in device technology

Some experimental N-P-N silicon transistors have
been made in which all the diffusion masks required
have been produced directly on the silicon slice using
PMCS exposed by a scanning electron beam. The
final passivating layer has been produced in the same
way.

For use as a diffusion barrier, the PMCS film is
simply exposed and developed, though it is often bene-
ficial to densify the film by heating before the diffusion
process. For passivating layers, however, it is necessary
to remove the organic residues. As mentioned above,
this can be accomplished by heating the siliceous film
pattern in wet oxygen at 650 °C. The film is sub-
sequently densified by heating in nitrogen for 30 min-
utes at 900 °C.

When siliceous films are made in this way, no etching
step is required to define the pattern, in contrast to
conventional processing or to electron-beam process-
ing with PMMA. It is desirable to remove the silica
film from the slice at each stage, because any windows
in the film would be likely to become covered with
oxide. Windows for the next stage of diffusion would
normally be formed in this oxide by an etching process.
However, we did not in fact use etching for this since
undercutting can reduce the resolution. To keep the
resolution as high as possible, the complete oxide film
is removed and a fresh mask prepared in a fresh layer
of PMCS resist.

Transistors have been made having emitters either
50 um wide or 5 um wide. Photomicrographs of the
two types are shown in fig. /2. The device with the
S-um emitter is shown before the metallization stage
has been carried out, allowing the PMCS passivating
layer to be seen.

Devices with finer detail have not yet been made, as
the purpose of these experiments was only to test the
possibility of making devices by electron-beam tech-
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Fig. 12. Experimental N-P-N transistors made by electron
exposure of PMCS resist, with emitter widths of 50 pm (a) and
5 um (b). In (a) the central metal strip is the emitter connection,
and the forked strip the base connection. The four surrounding
patterns are location marks. The photograph (b) was made before
metallization,and the PMCS passivatinglayer can be seen. Magnif-
ications are 200 < in (a), 675 % in (b).

niques using the new material PMCS instead of conven-
tional thermal oxide. The transistors had gain in the
range 10-100 and were comparable in this respect to
conventional transistors having similar dimensions.
Their leakage currents, however, were in general much
higher than those normally encountered, ranging be-
tween about I nA and 1 mA. The transistors with a
S-pm emitter were generally worse than those with a
50-u.m emitter, though some of them had leakage cur-
rents less than 100 nA. It is not yet known whether the
high leakage is due to pinholes in the PMCS films or to
some other shortcoming in it, or if misalignment of
succeeding masks due to difficulties in the electron-
beam technique used at the time contributed to this.
The fact that some good transistors were obtained
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does suggest, howeve}, that the proposed process is
feasible, though further work is still required to per-
fect it. :

One difference between the transistors produced by
electron-beam exposure of PMCS films and those
produced conventionally is that the passivating layer
produced from PMCS has no phosphosilicate-glass
layer. Conventional transistors normally do have such
a layer, and it is known that if this phosphosilicate
glass is not present, they too may show high leakage
currents. Phosphosilicate glass is usually present as a
result of conventional processing, though in certain
devices a special process step may be required for its
application. It is possible that as is the case with thermal
silica, the properties of passivating layers prepared

from PMCS would be improved if phosphosilicate

glass were applied over it, and this may reduce the
leakage current to values normally encountered. With
this aim in view we have developed resists which allow
the formation of phosphosilicate-glass patterns by
electron-beam techniques 2],
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the required P : Si ratio. It was necessary to match
the electron sensitivities of the components so that
both could be rendered insoluble by the same exposure
to maintain the required P : Si ratio.

We have produced two mixtures suitable for use as
electron resists: PMCS with tris-(dimethylsilylene)-

CH lITHg
0- SI O—Sli—o

. (I';H

CH,

/ \ / s

0=P-0— Sl 0—-P=0 0=P—O—5:"i“‘0"P=0

ﬁH

CH;

\ / \ i
0- SI O—S:i—O
CH3 ﬁH

CH;

Fig. 13. Formulae of tris-(dimethylsilylene)diphosphate (/eft) and
tris-(methylvinylsilylene)diphosphate.
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Fig. 14. The effect of electron-beam-defined phosphosilicate-glass coatings on the variation
of capacitance of MOS capacitors with d.c. bias voltage. The capacitors all have PMCS
dielectric layers. (@) No additional coating. () Coated with PMCS with 5% by weight of a
silylene diphosphate with methyl substituents. () Coated with PMCS with 10% by weight
of a silylene diphosphate with methyl and vinyl substituents. The exposures were made at
250, 800 and 5 uC/cm? respectlvely, and the capacxtors were heated in wet oxygen at 650 °C
for 15 minutes, and finally in dry nitrogen at 1050 °C for another 15 minutes. Solid lines:
initial curve, dotted lines: after heating for 30 minutes at 180 °C with an applied voltage
corresponding to +22.5 V/um; dashed lines: after the same heat treatment at a field-strength

of —22.5 V/um.

Phosphorus-containing siliceous resists

The phosphosilicate glasses used in conventional
processing cover a range of compositions, with the
molecular ratio P2Os : SiO2 up to about 16 mol%.
Known organic compounds containing both silicon
and phosphorus and likely to be capable of being
cross-linked by an electron beam (and so rendered
developable) all contain much higher ratios of phos-
phorus to silicon than this, so the compounds were
mixed with polysiloxanes (such as PMCS) to produce

diphosphate, and polyvinylcyclosiloxane with tris- -
(methylvinylsilylene)diphosphate (fig. 13) (polyvinyl-
cyclosiloxane is the vinyl analogue of PMCS). The first
of these systems requires an electron exposure of about
800 uC/cm?2, while the second réquires an exposure
within the range 2-10 pC/cm?, to produce developable
images of the correct composition.

The stabilizing effect of the phosphorus-containing

121 E, D. Roberts, 5th Int. Conf. on Electron and ion beam
science and technology, Houston 1972, p. 102, -
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films on electron-beam-defined PMCS dielectric films
has been demonstrated in MOS capacitors. Both the
dielectric-oxide film and the protective coating were
made using electron-beam teéhniques, starting from

PMCS and the resists just mentioned, respectively. .

For both a series of heat treatments was necessary to
eliminate organic residues and to densify the film. The
effect of the coating film can be seen from the curves
in fig. 14, which shows the relationship between the
capacitance of the MOS capacitors and the applied
voltage. Without a protective coating positive ions
such as sodium can move within the passivating layer
when a voltage is applied at high temperature. This
causes a displacement of the curve along the voltage

Summary. Electron-beam techniques for defining the patterns
required in semiconductor technology offer the advantages,
compared to the current optical methods, of a better definition,
smaller details (0.1 pm) and greater amenability to automation.
The already commercially available positive electron resist
PMMA is discussed first. A number of its drawbacks, e.g. its
thermoplasticity, are overcome in a modified methacrylate-type
resist we have developed, in which cross-links are introduced in
the unirradiated film by anhydride bridges. This makes the resist
pre-eminently suited for the application of the ‘lift-off* metal-
lization technique. In our work on negative electron resists the
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axis. When a protective coatiné is present the positive
jons are trapped in the phosphosilicate glass and the
curves remain in the same position. This effect of
phosphosilicate glass is known in semiconductor
technology, and is used for stabilizing thermally grown
silica. Our electron-beam-defined phosphosilicate glass
can also stabilize thermally grown silica dielectrics in
MOS capacitors.

These resists for producing phosphosnllcate glass
have not yet been used on transistors made by electron-
beam techniques, but investigations along these lines
are already under way and we are convinced that this
method will prove to be a fruitful one in the semi-
conductor technology of the future.

emphasis was mainly on siliceous materials, which enable silica-

like patterns to be produced directly by the electron beam, thus
eliminating the need for etching steps. With a polymer (PMCS)
prepared from methyltrichlorosilane we have made the diffusion
masks and the final passivating layer of some experimental
N-P-N transistors. As the leakage currents were still high, we
have developed resists which also allow the direct formation of
phosphosilicate-glass patterns. The stabilizing effect of these -
phosphorus-containing films has been shown by their influence
on capacitance-voltage characteristics of MOS capacitors with
electron-beam-defined PMCS dielectric layers.
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Holographic strain analysis

C.H.F. Velzel

Holography has attracted wide general interest because of its ability to create ‘three-
dimensional images’ which are so ‘real’ that they can be viewed from various directions
Jjust like the actual object; holography differs from the stereoscopic viewing of two
images, by giving a true parallax. Holography is based on the fact that a light wave
scattered by an object can be completely recorded in a hologram (e.g. on a photographic
plate) and exactly re-created later. As a result, it is possible to allow a light wave to
interfere with a second light wave that is produced at some other time. This leads.to one
of the most important applications of holography, the interferometric measurement of
small displacements or strains. Measurement of displacements in the direction of the
observer is the most obvious application. Displacements perpendicular to this direction
can, however, also be measured. One method of doing this has been devised by the author.
Both types of measurement are discussed here, preceded by an introduction to holography
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and followed by some examples.

When a smooth surface is covered by a thin trans-
parent film not quite uniform in thickness, a pattern of
interference fringes can be seen if the surface is
illuminated by monochromatic light. The variations in
thickness of the film can be read off directly from the
pattern. The fringe pattern is produced by the inter-
ference of light rays reflected at the object-film inter-
face and at the outer surface of the film.

An object that has been given a small deformation
(e.g. as a result of heating or mechanical stress) is in
a certain sense analogous to an object coated with a
film, as discussed above. Here again we have two
surfaces close together but now separated in time. There
is now, however, no question of interference; the light
rays reflected from the deformed and the undeformed
surface are not simultaneously present.

To measure deformations by means of conventional
interferometry, the incident light is split into two
coherent beams. One is reflected by the deformed
object whilst the other is reflected by a replica of the
undeformed object or other optical reference surface
(e.g. a flat); interference takes place when the two
beams are brought together again. Both the reference
surface and its positioning must be exact to within a
fraction of a wavelength. This method is practicable
only when the deformed object has a smooth surface.

Holography presents an elegant solution to this
problem. In holography a light beam can be ‘stored’ in
a hologram and regenerated later. In this way inter-
ference is possible between non-simultaneous light

Dr C. H. F. Velzel is with Philips Research Laboratories, Eind-
hoven.

beams, so that deformations of an object can be meas-
ured in the same way as film thickness. The hologram
provides in effect an exact and easily positioned replica
of the surface. A strain measurement can now be made
as follows. A hologram of a beam scattered by the
undeformed object is made first; the wave field
reconstructed from this hologram is then allowed to
interfere with the beam scattered by the deformed
object.

This article is concerned with the relationship be-
tween the deformation of an object and the resulting
interference pattern. Particular attention will be given
to the conditions that must be fulfilled to obtain high-
contrast interference fringes and to the derivation of
the deformation from the fringe pattern. Finally, a
number of practical applications will be described.

Since it is an essential feature of the method a short
explanation of holography will be given first.

Holography

When light waves forming a stationary wave field
fall on a photographic plate, the intensity distribution
of the field is recorded as a blackening of the photo-
graphic plate. In holography both the local amplitudes
and phases of the wave field are recorded on the plate
by allowing a coherent reference wave to fall on the
plate as well as the original light. The resultant pattern
of blackening on the plate, the hologram, can be used
at any later time to produce a wave field having exactly
the same amplitudes and phases in the plane of the
hologram as the original field. In accordance with
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Huygens’s principle the original field - in .the space -
" same as-those in B so that G2 is a faithful copy of B.

behind the hologram has then also been exactly recon-
structed. | o - T

Fig.'.l‘ illustrates schematically how hologreiphy .
works. To make the hologram, coherent light from a
laser L is splitinto two beams, a reference beam-4 and -
a beam incident on the .object V. Part of the light
scattered from the object, the ‘object’ beam’ B is
allowed to interfere with A. The resulting interferogram
is recorded on a photographic plate and this is the
hologram H. It is assumed for simplicity that 4 is a
plane wave. If B were also a perfectly plane beam, H
would consist .of exactly parallel interference fringes.
Because B is not a plane wave the blackening of H is
modulated in a manner which depends on the local
amplitudes and phases of B (see fig. 2).

- To reconstruct the original field (fig. 15), the holo-
gram is jlluminated with the same reference beam 4.
Diffracted beams appear behind H, one of zero order
(G1) and two of the first order (G2, Gs). Because the
interference pattern on H is not spatially exactly
periodic, these beams exhibit local variations in
amplitude and phase. In particular — and this will ap-
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Fig. 1. Holographic recording (a) and reconstruction (b) of a
light beam scattered by an object. L laser. To make the hologram,
the laser beam 4 is divided into two beams by means of a beam
splitter. The hologram is recorded on a photographic plate (H);
it is the interferogram arising from the interference between the
unmodified laser beam (the reference beam A) and the beam B
scattered by the object V. If the same laser beam is allowed to fall
on the hologram after development of the plate, then one of the
diffracted beams (Gg) is identical to the object beam B, and an
observer O sees a virtual image. ¥V’ of the object V. The diffracted
beam G3 forms a real image V' which is reversed and usually
distorted. The ‘efficiency’ of-the reconstruction (power of Gz
divided by that of A) is often very small because light is.absorbed
by H and also because most of the transmitted light resides in the
zero-order beam Gi.

C. H. F. VELZEL
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pear presently — the variations in Gg are exactly the

The observer O in fig. 15 thus ‘sees’ the object V once
more; a virtual image V" is formed of V. The beam G3
forms a real but reversed and distorted image V" of V.

To obtain the above results:- the apparatus must
strictly fulfil certain conditions. Firstly, the coherence
of the light must be sufficient for a hologram to be
formed. To achieve sufficient coherence the optical
path between light source and hologram via the
reference beam is made as nearly equal as possible to
that via the object beam — in fact more mirrors than
shown in fig.1a are used — and a laser is used as the
light source. In addition the apparatus must be rigid
and unaffected by vibration: while the plate is being
exposed to form the hologram, the interference fringes
must remain stationary, i.e. all relative movements
must be limited to less than a quarter of the wave-
length of the light used. Finally, the photographic
plate must have a high resolution: the spacing between
the interference fringes is usually not much greater
than a wavelength and it is necessary to record varia-
tions of detail in this fine pattern.

It is not essential for the reference beam to be a plane
wave, nor is it essential for the beam to be normally
incident on the hologram. However, it is essential that
the reference beam used in reconstruction is exactly the
same as the beam used to form the hologram and of
the same orientation with respect to the hologram.

Holography was invented by D. Gabor [1Jin 1947, long before
the existence of lasers. In Gabor’s first holographic experiments
the object was small and transparent and situated on the axis
between the source and the hologram. The light passing round
the object formed the reference wave. The difference in optical
path length between rays in the reference wave and those
scattered by the object were then so small that the coherence of
the ‘non-coherent’ sources which Gabor had perforce to use was
sufficient to produce a hologram carrying interference fringes.
This geometry, which corresponds to an angle of zero between
the beams 4 and Bin fig. 1, had the disadvantage that the virtual
image could not be observed without unwanted effects due to
the light from G1 and Gs. Holography grew to fruition only after
the advent of the laser. The laser is a source of coherent light, i.e.
the light emitted has a long coherence length so that interference
can be obtained even when the optical paths -differ considerably
in length. Holographic images of opaque and large objects can
therefore be made. In addition, the reconstructed wave can easily
be kept separate from the other beams emerging behind the
hologram [21,

Relation between object beam, hologram and recon-
structed beam

By making use of Huygens’s principle, from which
the structure of the object-beam field B in fig. 1is deter-
mined by its amplitudes and phases in the plane of the
hologram H, it will now be shown that H does indeed
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l‘l[_, 2. Three Lnlarbemcnh of a part of a hologram. Magnifications (left to right): about 40

180 x and 700 >

As the right-hand photograph shows, the blackening forms a smusondal

grating modulated in phase and amplitude; the spacing of the fringes, which can also be faintly
distinguished in the central photograph, is 2 um. The essential information is registered pri-
marily in the phase modulation (the curvature of the fringes). The speckle pattern, which can
also be seen in the following photographs. is not characteristic of the object, nor of the holo-
gram. but of the use of light of high coherence. Itis a kind of random distribution of diffraction
discs. The discs increase in size as the angle subtended by the source at a point in the hologram

decreases.

contain the necessary information concerning B and
that Gs is a faithful copy of B. We take a coordinate
system x,p,z in which z = 0 is the plane of the holo-
gram. We assume that the reference beam A is a plane
wave propagating along the z-axis. This wave is de-
scribed as a function of time and place by:

us = aexp j(wt — kz), (1)

where u 4 is the local instantaneous complex amplitude,
o is the angular frequency of the wave and k its wave
number, i.e. 2z divided by the wavelength 4. The phase
¢a of the wave for 1 = 0, z = 0 and the peak amplitude
ap are combined in the ‘complex amplitude’ a:

a = ap exp —jba. (2)

Suppose that the object beam B propagates in the x,z-
plane at an angle f to the z-axis. If this was a plane
wave, we could express it as:

up = bo exp j(wt — kx sin f — kz cos f — ¢n),  (3)

a wave whose wave vector has components k sin f in
the x-direction and k cos f in the z-direction. The
complex amplitude b of this wave in the plane z = 0 is
a function of x:

b = by exp — j(kx sin f + ¢p).

When B is not exactly a plane wave, but very nearly
— as will be the case if the angle subtended by the
object at the hologram is not too large — it can still be
represented by (3) although by and ¢y, are now weakly

N

dependent on x, y and z (the derivatives of by and ¢y
with respect to x, y and z must be small compared with
k sin 5). According to our assumptions, the detailed
structure of the wave field B is entirely determined by
the angle f and the functions by(x,y) and ¢p(x,y) in the
plane of the hologram z = 0.

While the plate is being exposed to form the holo-
gram the total complex amplitude at every point x,y
of the hologram is equal to a -+ b. The intensity is
therefore given by:

I(x,y) = la 1+ b|2 = a¢® + bo% + a*b + ab*. (4)

If the photographic plate is exposed for a time ¢ and
developed, we get a hologram of transmittance 7(x,y)
which is assumed here to be a linear function of /. In
practice this can only be approximately true. Fig. 3
shows qualitatively how 7 in general depends on the
exposure H (= It). Only in a limited region near the
point of inflexion Hg,7o is the curve approximately
straight. To keep within this region as far as possible
the average intensity by of the object wave is made
much smaller than the intensity ao? of the reference
wave and a¢?¢ is made approximately equal to Ho. In
this linear approximation we have:

- ab*)

= 19— T1bo? — 271a0bo cOs {kx sin  + ¢y —

(5a)

$a}. (5b)

(11 D. Gabor, Nature 161, 777, 1948, and Proc. Roy. Soc. A 197,
454, 1949.

(21 E. N. Leith and J. Upatnieks, J. Opt. Soc. Amer.:
1962; 53, 1377, 1963 ; 54, 1295, 1964.

T=T)— T1b02 — Tl((l*b

52, 1123,
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If the small term 71bo? is neglected, this shows that the
variations in the phase ¢y(x,y) and the amplitude
bo(x,y) of the object wave are contained in the holo-
gram in the form of variations in the phase and am-
plitude of the modulation of the transmittance.

0
0 H,

_>H

Fig. 3. Transmittance 7 of a photographic plate as a function of
the exposure H. The exposure is the product of the intensity of
the light and its duration. It is preferable to work only on the
linear part of the curve, near the point of inflexion (Ho,70).

In the reconstruction of the original wave field, the
hologram is illuminated by the reference beam A.
Behind the hologram we then get a wave of complex
amplitude za. Using (5a) we find:

ta = (10 — T1b02)a — 11a02b — T1a2b*. (6)

The wave behind the hologram is thus a superposition
of three waves with the complex amplitudes

g1 = (r0 — m1bo?)a,

g2 = —T1a0%h,

g3 = —nazb*.
These are the three waves of fig. 15. The wave G1 of
complex amplitude g1 has the same phase as the ref-
erence beam A4 in the plane of the hologram and is
therefore propagated in the same direction (the z-
direction). The factor (zo-— 71bo?) implies that G1
exhibits small variations in amplitude in the plane of
the hologram so that the beam behind the hologram
diverges somewhat.

The wave Gz of complex amplitude gz is identical,
apart from the constant factor —r1a02, to the object
beam B. This is the result we sought.

Finally there is the wave G3 of complex amplitude gs.
The argument of g3 is kxsin f - ¢p — 2¢a. The wave
G3 is thus propagated in the x,z-plane at an angle —f
to the z-axis. More generally — even if 4 and Gy are
not propagated along the z-axis — G3 and Gs are
symmetrical with respect to G1. Thus if 8 is made large
enough to separate Gz from Gy, then G is certainly
separated from Ga. '

Philips tech. Rev. 35, No. 2/3

The treatment given above refers to an absorption
hologram: the transmittance (5) is real and the wave
field behind the hologram differs only in amplitude and
not in phase from the wave field incident on the holo-
gram. ‘In general, however, the transmittance is a
complex quantity, so that the hologram changes the
wave in both amplitude and phase. If the phase only
is changed, we have a phase hologram. A phase holo-
gram can be made by ‘bleaching’ away the blackening
of a holographic pattern by rehalogenization (3]. The
blackening vanishes but the places that were black
remain slightly thicker; at these places the reference
wave undergoes a larger phase change than in the non-
thickened surroundings. A phase hologram has the
advantage, often important in practice, that it trans-
mits more power.

Three points will now be briefly discussed: the nature of the
image formed by G, the nonlinearity of the transmittance char-
acteristic and the efficiency of the hologram.

When we omit the constant factor —7142, the complex ampli-
tude of the wave Gj3 is b*. For brevity we write kx sin § + ¢
as y, a function of x, y and z. We now restrict ourselves to the
plane of the hologram and its close neighbourhood. Because y
does not vary rapidly with z we can put y equal to its value y(x,y)
in the plane of the hologram. Again omitting the constant factor
—71a?, the waves G (or B) and G3 are expressed respectively by:

bo exp j(wt — kz cos B — ),
bo exp j(wt — kz cos B + o).
The wavefronts — surfaces of constant phase — are thus given
by the equations
kzcos f = —p(x,y) + C for Gzand B,
kzcos B = +p(x,) + C* forGa.
It follows that the wavefronts of Gz are the mirror images of those
of G2 with respect to the plane z = 0 ( fig. 4); the amplitudes at
corresponding points are equal. Taking into account also the
direction of propagation of the light rays, it can be seen from
fig. 4 that rays in Gg which diverge from (for example) the virtual
image point P’ correspond to rays in Gs which converge towards
the symmetry point P”. The virtual image ¥’ thus corresponds to
the real image ¥ . The latter is reversed: if the point Q° lies
infront of P’ for the observer O, then the corresponding point Q”
lies behind the point P ” for the observer O’. An essential assump-

o
Fig. 4. Close to the hologram, the wavefronts in the beams B
(or G2) and Gg of fig. 1 are mirror images of each other with
respect to the plane of the hologram. Rays in G2 diverging from
the points P’ and Q' correspond to rays in Gz which converge
to the corresponding points P” and Q ”; the virtual image V*
thus corresponds to the real image V”.
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tion in the foregoing is that the factor —7142 is constant. This is
the case only if the reference beam A is propagated along the
z-axis. If A4 falls obliquely on the hologram, the image formed by
G3s is distorted.

Taking into account the nonlinearity of the transmittance, i.e.
the terms of higher order in the expansion of 7 in powers of Hp
(see fig. 3), then 7 is not given by the expression of eq. (5b), but
by a polynomial with terms of the form

bom+2n cos m(kx sin f + ¢v— ¢a),

_ where m and n are integers. On reconstruction, the main term
(m = 1, n = 0) discussed earlier gives the beams Gz and Gj3 in
which Ga reproduces B exactly. When the term withm = 1,n =1
does not vanish, the reproduction is no longer perfect: the image
has less contrast. The terms with m > 1 lead to diffracted beams
of higher order which waste light. In order to limit these un-
desirable effects, bo must be made much smaller than ao, as
mentioned earlier.

Finally, the ‘efficiency’ of a hologram, which is in practice of
great importance. This is the ratio of the power of the recon-
structed wave G2 to that of the reference wave during reconstruc-
tion. The transmittance of the absorption hologram of a plane
‘object wave’, registered on a photographic plate with a linear
characteristic, is (see eq. 5b):

T =19+ 7 cos (k'x + ¢),

where To, 7', k” and ¢ are constants. Since T has everywhere a
value between 0 and 1, the modulation depth 7’ cannot exceed 4.
In this notation the amplitude of the reconstructed wave is +7’ao;
the efficiency is here, therefore, 47°2 and this is at most equal to
1/16 or about 6%. In practice the hologram is not uniformly
exposed and, as discussed earlier, 7’ is preferably taken much
smaller than ; the efficiency is therefore generally much smaller,
usually less than 2%. A phase hologram transmits more energy
and may have an efficiency of 10 to 15 %. So far it has been tacitly
assumed that the emulsion coating of the photographic plate that
carries the hologram is very thin. In holograms which are thick
compared with the wavelength, the efficiency can exceed 50 %4 as
a result of multiple reflections. Holograms with a thickness of
several hundred microns have been made both in photographic
emulsions and in crystalline materials such as LiNbOs and
KBr 4l ’

Strain measurement by holography

There are two ways in which the ‘interference of
non-simultaneous beams of light’ can be brought about
in practice. In one method a hologram is made before
the object is deformed. After development the plate is
accurately replaced in its original position in the other-
wise unchanged arrangement. The object is then
deformed and viewed through the hologram. The
viewer now sees both the reconstructed image of the
undeformed object and the object itself in its deformed
state, illuminated by the source. With this method the
interference fringes and hence the deformation of the
surface can be viewed as they occur. This is called the
method of time-dependent interference 151, In the other
method two holograms are recorded on one photo-
graphic plate: one of the object wave before deforma-
tion and -one after deformation. Since the only term
relevant to the analysis of the holographic process is
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linear in the complex amplitude of the object wave
(see egs. 5 and 6), holograms can indeed be superposed
and the reconstruction gives a superposition of the two
object waves. The resulting interference pattern con-
tains the required information. In this article the dis-
cussion will be limited to this double-exposure
method [6],

If we are concerned with two essentially stationary
states of an object such as a bar whose deformation is
to be measured, there is no limitation to the choice of
exposure time. The plate is exposed before the object
is deformed and again afterwards. In other cases, how-
ever, e.g. in the analysis of fracture, the situations of
interest are not stationary. The exposure then has to
be so short that the deformation occurring during the
exposure is small compared with the wavelength of the
light. This condition can often be met by using a
pulsed laser [, When the deformation is not only fast
but also periodic, as in a vibrating loudspeaker, a
stroboscopic illumination can be used [8l. Finally, in-
formation about vibrating objects can be obtained
from a hologram recorded with an exposure much
longer than the period of vibration — time-averaged
holograms [9],

The most important problem in holographic strain
analysis is the interpretation of the interference pattern
and we shall concern ourselves mainly with this prob-
lem. From what has been said above it will be clear
that the holographic process itself can be disregarded
here, and the object can be considered to be simultane-
ously present in its two states, deformed and unde-
formed.

It is assumed that the microstructure of the surface
of the object does not change during the deformation.
The same point then scatters the light in the same way
before and after the deformation — the only difference
is that due to the actual deformation. It is also assumed
that the object scatters the light diffusely, i.e. that the
scattered light has lost most of its spatial coherence.
Interference then occurs only between rays coming
from the same point in the two situations; other inter-
ferences do not contribute effectively to the interference
pattern. '

31 R. J. Collier, C. B. Burckhardt and L. H. Lin, Optical holo-
graphy, Academic Press, New York 1971, p. 289. .

41 G. Kalman, in: Applications of lasers to photography and
information handling (ed. R. D. Murray), Soc. Phot. Sci. and
Engrs., 1968, p. 99.

151 K. A. Stetson and R. L. Powell, J. Opt. Soc. Amer. 55, 1694,
1965. : .

61 R. J. Collier, E. T. Doherty and K. S. Pennington, Appl.
Phys. Lett. 7, 223, 1965. '

[ R.E.Brooks,L.O.Heflinger,R.F.Wuerkerand R. A. Briones,
Appl. Phys. Lett. 7, 92, 1965.

8] P. Shajenko and C. D. Johnson, App!l. Phys. Lett. 13, 44,

. 1968. L :

9] R.L.Powelland K. A. Stetson, J. Opt. Soc. Amer. 55, 1593,

1965. : -




58 C.H. F. VELZEL

Determination of the longitudinal component of the
displacement vector

For an opaque object the light source and the observ-
er must be situated on the same side of the object. In
this configuration the change in optical path from
source to observer via the object has its origin in the
displacement component in the mean direction between
source and observer. The information in the inter-
ference pattern thus concerns this ‘longitudinal com-
ponent’.

Fig. 5 shows how the difference in optical path
depends on the displacement. If, as in fig. 54, the
source S and the observer O both have the same direc-
tion when viewed from an object point P and if P is also
displaced in this same direction (to Q), the optical path
difference Al = SPO — SQO is equal to twice the
length of the displacement vector PQ. If PS and PO
are at -an-angle y to each other (fig. 5b) and the dis-
placement vector e = PQ lies along the bisector of the
angle SPO, the path difference is modified by a factor
cos 4y:

"Al = 2e cos 1y. )

Fig. 5¢, finally, shows a displacement vector of
arbitrary direction, obtained by locating @ at some
arbitrary point in the plane perpendicular to the bi-
sector (fig. 5b). The optical path SQO does not change
since SQ becomes just as much shorter as QO becomes
longer. Equation (7) therefore remains valid if we
replace e by its component e; along the bisector (the
longitudinal component):

Al = 2e) cos 1y. €))

In fig. 5 it is assumed that we have a point light source
and a point observer and that they are both situated at
infinity, i.e. that e is very much smaller than PS and
PO.

The observer looking towards P sees light or dark-
ness according to whether Alis an even or odd multiple
of /2. He thus sees light and dark fringes of equal
longitudinal displacement; the interference pattern is
a ‘contour map’ of the deformation. Examples of such
patterns are shown in figs. 6 and 7. In a bright fringe of
the pth -order (Al = p4), we have.

e1 = pif2cos %y. )]

If 4 is not too large, cos 1y is approximately unity; the
difference in height of the surface between adjacent
fringes is then approximately half a wavelength.

The fact that the observing instrument (the eye, a
camera, etc.) has a pupil of finite and not zero diameter
gives a certain practical limitation to this method.
If the opening is so large that the optical path differen-
ces Alfor different parts of the pupfl differ by more than
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Fig. 5. Calculation of the change Al in the optical path length
between source S and observer O via a point in the surface of
the object when this point is displaced from P to Q.

a) PS, PO and the displacement vector ¢ = PQ have the same
direction; in this case, Al = 2e.

b) PS and PO are inclined at an angle y to each other and the
displacement vector e is directed along the bisector of y. In this
case, Al = PA + PB = 2ecos ¥y.

¢) When Q is displaced in the plane SPO perpendicular to the
bisector PQ’ of the angle SPO, the optical path length SQO does
not change. The difference QC between SQ’ and SQ is equal to
the difference QD between QO and QO’, so that SQO remains
equal to §Q’0. This is still true if Q is displaced perpendicular
to the plane SPO; SQ and QO do not then change at all. The
difference Al in optical path length therefore has the same value
as in (b) except that e must be replaced by e; = PQ’, the longi-
tudinal component of e.

a half-wavelength, the interference fringes fade. From
fig. 8 it can be seen that this is not the case provided
the angle o subtended by the pupil at the object is less
than A/2e; where e; is the component of the displace-
ment perpendicular to PO. A more detailed calcula-
tion [10] shows that if this condition is fulfilled, the
interference fringes have a contrast of more than 70 %,.
Conversely, for a given aperture, the lateral displace-
ment may not exceed the value A/2«. Suppose, for
example, a helium-neon laser is used in a conventional
arrangement and the interference pattern is observed
with the naked eye; A is then 0.6 pm and « is of the
order of 0.01. The maximum permissible lateral dis-
placement is then about 30 pm.

The maximum permissible value of the lateral dis-
placement, A/2¢, is simply the resolving power of the
observing instrument. The foregoing is another way of
saying that two points separated by a distance of more
than A/2q¢ are separately imaged and that the rays
coming from them no longer interfere with each other.
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Fig. 6. Above: Example of an interference pattern on the image of

a bar deformed under load (obtained from a double hologram).
Below: Displacement y as a function of position z along the bar,
derived from the interference pattern. Each fringe represents an
increment of the displacement of 2/2.
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Fig. 7. Interference pattern on the double-hologram image of a
bar with a weak spot. The bar is made up of two parts held

together by adhesive, the plane of the joint lying in the plane of

the paper. The irregularity in the interference fringes indicates a
weak spot in the joint.
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Fig. 8. Relation between the size of the pupil of the observer and
the maximum permissible lateral displacement. The observed
interference pattern tends to vanish if the pupil becomes so large
that the differences in optical path lengths SPO" —SQO0" and
SPO " — SQO ” differ by more than A/2. This difference is equal
to (PA" + PB) — (PA” + PB) = PA" — PA” = aet, where
et = QA is the lateral component of e and « is the angle sub-
tended at P by the pupil. For a high-contrast interference pattern,
o must therefore be less than 4/2e;.
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Determination of the transverse components of the
displacement vector

In the method discussed above only the longitudinal
component of the displacement vector is measured. In
principle the complete displacement vector can be
derived in this way by viewing the object from three
directions or by making three exposures with different
directions of the illuminating beam [111. These proce-
dures do, however, involve rather a lot of work with
regard to both the experimental arrangement and the
interpretation of the interferogram.

We have developed a method whereby the trans-
verse components of the displacement can be meas-
ured directly. We look at the hologram from a point in
a real holographic image. The required real image
could be made by placing a positive lens in the beam
G»in fig. 1h, but we wish to suggest here, with the help
of fig. 9, a still simpler method. The hologram is record-
ed in the conventional way, using a plane wave as the
reference beam (fig. 9a). In the convential method of
reconstruction (fig. 9b) a good virtual image V' and a
distorted real image V"" would be obtained. Now how-
ever the wave field is reconstructed with a reference
beam A’ identical to 4 as regards wavefronts but
propagated in the opposite direction. In other words,
the back of the hologram is illuminated with a plane
wave from the opposite direction (fig. 9¢). A wave G2’
is then generated at the front of the hologram, and this
wave is in all respects a faithful copy of B except that
it also propagates in the opposite direction. This can be
easily checked from the mathematical description of
holographic principles given on page 55/56; it is only
necessary to replace m by — in the description of the
reconstruction. All waves are then propagated ‘back-
wards’, but otherwise the situation is unchanged. In
this way a faithful, undistorted real image V: of the
object V' is obtained. In fig. 94, finally, it is shown
schematically how this can best be done in practice; in
the configuration of fig. 95 with a fixed reference beam
and the conventional viewing direction, the hologram
is simply rotated through 180° about an axis perpen-
dicular to the paper. The situation so obtained is that
of fig. 9¢, assuming that 4 is indeed a plane wave.

A diaphragm is now placed with its centre at a point
P in the real image and the hologram is viewed through
it with the naked eye or a camera focused on infinity.
Each point on the retina or on the photographic plate
now corresponds to a viewing direction. If the holo-
gram is a double hologram of a deformed object an
interference pattern is again seen. In fig. 10, PQ is the
displacement vector of a point in the real image. Since

[10] C, H. F. Velzel, J. Opt. Soc. Amer. 60, 419, 1970.
(111 3, W. C. Gates, Optics Technol. 1, 247, 1969.
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G5 is a faithful copy of B, apart from its direction of
propagation, there is a fixed relation between the
phases of the light at P and at Q which depends only
on the positions of P and Q with respect to the light
source. The interference pattern owes its existence to
the fact that the optical path length PQ' = ¢ cos y
in fig. 10 varies with the viewing direction PR. To put
it more precisely: in the direction of a point R on the
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Fig. 9. Determination of the transverse component of the dis-
placement vector. a) Recording the hologram. ) Usual configura-
tion for reconstruction. ¢) Formation of a real image V., by
reversal of the direction of propagation. The reference beam A’
has the same wave fronts as A4 but is propagated in the opposite
direction. If, for example, 4 were divergent, then A" would have
to be convergent. d) Practical version of the geometry of (c).
Starting from the configuration (b), the hologram is rotated by
exactly 1807; the beam A4 must be a plane wave. The configuration
(d) is then equivalent to (¢). The transverse component of the
displacement at a point P on the object can then be derived from
the interference pattern observed on the hologram through a dia-
phragm about the point P in the real image.
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Fig. 10. Calculation of difference in optical path length from the
interference pattern seen (fig. 9¢) on the hologram H via the dia-
phragm D. P is the initial point and Q the final point of the dis-
placement vector e at a certain location in the real image. An
interference pattern is observed on the hologram because the
difference PQ’ in optical path length depends on the viewing
direction PR.

hologram the field appears light or dark according to
whether

Al = Alp+

e cosy

is an even or an odd multiple of 4/2, where Al is a
constant independent of the viewing direction. Dark or
light fringes in the field are lines of constant A/, and
thus also lines of constant y; they are therefore inter-
sections of the hologram with cones of apex P and
axis e. The fringes are thus symmetrical with respect to
the projection of e¢ on the hologram. We now let R
move along this symmetry axis and define its position
by means of yg, the angle between PR and PN, the
perpendicular to the hologram through P. We then
have y = & — yo, where ¢ is the angle between e and
PN. Differentiating A/ with respect to o gives:

dAl/dyoy = e sin (e — yp).

For yo = 0, this is simply equal to the magnitude ¢ of
the transverse component of e:

(dA//d;/o)7,”: 0 = esine = ey.

The optical path difference A/ between adjacent dark
or light fringes increases with A. Therefore the mag-
nitude e; of the transverse component is given by

et — ;./A‘)/(), (ll)

where Ayq is the angle subtended at P by two adjacent
fringes near N. The transverse component is directed
towards the centre of curvature of the fringes.

Fig. 11 shows an example of the measurement of a
transverse displacement. Fig. 11a is the reconstruction
via a double hologram of a bar clamped at the top and
acted on at its lower end by a force directed to the right.
Fig. 11h shows some photographs of what a viewer
would see on the hologram through a diaphragm of
0.5 mm diameter in the real image. The positions in
fig. 11b correspond to those in fig. lla.
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Fig. 11. Measurement of the lateral displacement of a bar sub-
jected to a lateral force. a) Double-holographic image of the bar.
The bar is clamped at the upper end and the force acts from left
to right on the lower end. b) Interference patterns observed
through a diaphragm of 0.5 mm diameter in the real image. The
positions of the fields in (b) correspond to those in (a). The rather
coarse speckle pattern in (b) is due to the small aperture (see
caption to fig. 2).

To obtain a clearly defined interference pattern, a
large number of point pairs such as 2Q must interfere
in the same way. The diaphragm should therefore be
much larger than the transverse component of the
displacement. For small deformations like those we
are concerned with in this article this condition is
always fulfilled. On the other hand, if the deformation
varies over the object, the diaphragm may not be too
large: the variation of the transverse component over
the diaphragm must be so small that the optical path
difference for a given viewing direction varies less than
2/2.1f this latter criterion requires the diaphragm to be
so small that, with an absorption hologram, the inter-
ference field is too faint, an improvement may be
obtained by using a bleached hologram. A greater
improvement can be obtained if, when recording the
hologram, only those parts of the object are illuminated
where it is desired to measure the displacement vector.

A disadvantage of the method described here is that
a photograph must be made of the interference field on
the plane of the hologram for each location where the
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displacement vector is to be determined. This dis-
advantage can be partly overcome by making the
exposures for different locations simultaneously (see
fig. 13, lower photograph).

Methods also exist for projecting contours of equal
transverse displacement [12]; these will not be discussed
here.

Comparison of the two methods

The two methods discussed above — determination
of the longitudinal component of the displacement and
determination of the transverse component — will now
be briefly compared with the aid of fig. 9. In both cases
a double hologram is made in the configuration of
fig. 9a. To determine the longitudinal component ey, the
virtual image is viewed through the hologram in the
configuration of fig. 95; from the interference pattern
seen, the distribution of e; over the surface can be
derived. The transverse component must be deter-
mined point by point; the magnitude (¢;) and direc-
tion are obtained from the interference pattern that a
viewer sees in the configuration of fig. 9¢ (hologram
rotated 1807) when he views the hologram through a
diaphragm at the relevant part of the real iamge.

The two procedures have the following characteristic
differences. In the first, only the variations of e; over
the surface are determined; ¢ changes from fringe to
fringe by an amount 4/2 (taking the factor cos 4y in
(9) equal to 1 for simplicity). Only if we know, for
example, that ¢; must be zero at a certain location, can
the absolute values e; be determined on the rest of the
surface. In the other method, however, the actual values
ey are determined.

The conditions under which a high-contrast inter-
ference pattern is obtained are of a different nature in
the two methods. In the determination of ey, ¢t must be
less than 4/2«. In the determination of ey, the difference
in optical path lengths and hence 2e¢; must not vary
more than //4 over the diaphragm. This means that the
diaphragm in fig. 9¢ must be smaller than the fringe
spacing on the object in fig. 9b.

Finally, the two procedures differ in sensitivity. The
smallest detectable variation in e; is obtained when
(fig. 9b) only two fringes are visible at the object; the
variation is then 4/2. The smallest detectable value of
ey occurs when (fig. 9d) only two fringes are visible on
the hologram. This is the case when, in eq. (11), Ayg is
equal to the angle oy subtended by the hologram at the
object. The smallest detectable value of e; is therefore
Alog. In general oy is less than unity, so that e can be
determined with greater sensitivity than e;.

[121 K. A. Stetson, Optics Technol. 2, 80, 1970.
J. N. Butters and J. A. Leendertz, J. Physics E (sci. Instr.) 4,
277, 1971.
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When all these conditions are fulfilled, both the

longitudinal and the transverse components — and
hence the complete displacement vector — can be

determined from one double hologram.

Applications

Some applications of the double-hologram technique
of holographic strain analysis will now be given. The
examples may be divided into three areas of applica-
tion: analysis of experimental models as an aid to
design, the determination of material constants and
fault-finding.

Strain analysis as an aid to design

For objects of complicated shape it is difficult to
predict how they will deform under load or local heat-
ing. When the deformation can upset the correct func-
tioning of the object, holographic strain analysis can
be useful in analysing the deformation and applying
appropriate corrections.

A casting ( fig. 12) used as a mount for the pick-up
tubes and the colour-separation prism in a Philips
colour television camera was examined for thermo-
elastic distortion. In such a camera it is critically
important that the relative positions of the pick-up
tubes and the prism do not change under the condi-
tions in a studio where strong lighting may cause local
heating. Fig. 13 shows some of the results of this inves-
tigation. A double hologram was made of the casting.
During the first exposure the casting was uniformly at
room temperature; during the second exposure the
casting was heated underneath to 3 “C above room
temperature. Fig. 13 (above) shows a reconstruction of
the casting by means of this hologram with interference
fringes which show the variations in the longitudinal
displacement. In order to determine the lateral dis-
placement, a real image was formed in the manner in-
dicated in fig. 9d. A screen with a large number of
holes of diameter 0.1 mm was then set up in the plane
of this image. All the interference patterns visible
through these holes were then simultaneously regis-
tered on a single photographic plate behind the screen.
Interferograms recorded in this way are shown in
fig. 13 (below); they correspond to a part of the upper
photograph.

For a complete analysis of the deformation, double
holograms of the casting must be made from various
directions, but the discussion here will be limited to a
few remarks relating to fig. 13, and in particular to the
left-hand and right-hand parts of the wall of the cylin-
der pointed upwards and outwards towards the
observer. The lower left-hand part is displaced lon-
gitudinally more than the lower right-hand part (in the
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Fig. 12. Mount for pick-up tubes and colour-separation prism in
a Philips television camera. The pick-up tubes are clamped in the
cylindrical openings directed obliquely forwards, upwards and
backwards in the photograph. The casting is shown with its
flange on the table. This flange is often subject to local heating
from the powerfull lights in the studio.

upper photograph there are more fringes on the lower
left half than on the lower right half); the reverse holds
for the upper half. The fringes indicate locally the axes
about which the surface (apart from a parallel displace-
ment) tilts. On the right the surface tilts about a hori-
zontal axis, on the left it tilts about an oblique axis.
This indicates some distortion of the casting. This is
also indicated by the lower photograph; the left-hand
part of the cylinder wall has undergone a nearly hori-
zontal displacement while in the right-hand part the
transverse displacement is in an oblique direction.

Determination of material constants

Expansion coefficients and elastic constants of a
material can be determined by measuring the deforma-
tion taking place as a result of heating or mechanical
stress 131, A simple example of this was given in
fig. 6: the determination of the elastic modulus £ from
the bending of a bar. The bar is clamped at one end
(the left in fig. 6) and at the other end subjected to a
force F which in fig. 6 is perpendicular to the paper. In
fig. 6 (below) the deflection y is plotted as a function of
the distance z to the clamping point. No account is
taken of the angle y between the direction of the illu-
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Fig. 13. Strain analysis of the casting shown in fig. 12. After the
first exposure of the (double) hologram, the flange (pointing
downwards in the photographs) was locally heated three degrees
above the ambient; the second exposure was then made. Above:
determination of the longitudinal strain. Below: Determination
of the transverse strain. For the lower photograph, the plate was
set up close behind a screen with a large number of 0.1-mm holes
and situated in the plane of the real image. The interference
patterns in the hole of the cylinder have no significance (to
prevent undesirable reflections this hole was filled with black
paper).

[13] See the article by K. A. Stetson referred to in [12].
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minating beam and the viewing direction, which was
about 20°, so that the difference in height between
adjacent fringes is not exactly 4/2 but 2/(2cos 1y) —
2/(2cos 10°) = 2/1.97 (see eq. 9). The theoretical rela-
tion between y and z is:

y = Fz3/4E, (12)

where / is the second moment of area of the cross-
section of the bar. The value of E is found by fitting
(12) to the experimental points. It has to be remem-
bered that the zero point of y in fig. 6 is not known
because the fringes near the clamp cannot be seen
properly. Not only can E be determined very ac-
curately, because of the large number of fringes, but
there is also a good check on whether the use of eq. (12)
is legitimate. For example if the bar were not uniform
in thickness or did not have everywhere the same
modulus of elasticity, this would be evident from
the impossibility of fitting (12) to the experimental
points.

Detection of defects

A weak spot in a workpiece usually deforms exces-
sively or non-uniformly when under load. In a carefully
chosen double hologram this is immediately evident.
A simple example was shown earlier in fig. 7 where a
weak spot in a bar consisting of two parts held together
by adhesive shows up in the interference pattern.
Fig. 14 shows the result of a check on the adhesion of
the screen of a cathode-ray tube to the rest of the tube.
At the upper edge the adhesion is good, on the lower
edge there is a weak spot.

Fig. 14. Tests on a cathode-ray tube. The screen of the tube is
cemented to the body of the tube. A double-holographic image
can show whether a good adhesion has been achieved. The tube
shown here has a weak spot on the lower edge. The mechanical
stress consists of a small underpressure in the tube.
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This method is widely used for the detection of all
sorts of faults, e.g. in caf tyres, in plastic bottles, in re-
inforced materials used in the aircraft industry, etc.[14],
The great advantage of holography for such purposes
is its non-destructive nature. The stress that has to be
applied to the object to detect faults is generally so
small that the deformation occurring is completely
reversible and very much smaller than any stress ap-
plied in normal use.

i14]1 See for example H. Rottenkolber, Z. Werkstatt u. Betrieb
103, 189 and 245, 1970. ) .
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Summary. In holography the amplitude and phase of laser light
scattered by an object are registered in a hologram, which is the
photographic record of an interference pattern formed by the
scattered light (the ‘object wave’) and a reference beam from the
same source. When the hologram is illuminated later by the same
reference beam, a number of beams are produced behind the
hologram, one of which is a faithful reconstruction of the object
wave. In holographic strain analysis, in particular the technique
using double exposure, to which the author restricts himself, two
holograms are superimposed on one another on the same photo-
graphic plate, one before the deformation of the object and one
after. The reconstruction procedure then yields a superposition
of the recorded object waves corresponding to these two states;
the deformation can be derived from the interference between
these two waves. The interference fringes seen on the ‘recon-
structed’ object form a contour map of the deformation. For the
displacement in the source-observer (longitudinal) direction
adjacent fringes represent a difference in strain of A/2. The trans-
verse displacement is derived from the interference pattern seen
when the hologram is viewed through a diaphragm placed at a
point in a real image of the object. This real image is obtained
after rotating the hologram through 180°. Holographic strain
analysis can be used in the determination of material constants,
in the detection of weak spots and as an aid to design. Some
examples of these applications are given.




Philips tech. Rev. 35, 65-72, 1975, No. 2/3

65

A simplified method for the isostatic hot pressing of ceramics

K. H. Hiérdtl

The investigations described in this article pave the way for the cheap mass production
of pore-free ceramic material, which is increasingly in demand for technological appli-
cations. Pore-free materials are already used in applications that include envelopes for
high-pressure sodium lamps, cutting tools, acoustic surface-wave filters, and read and

write heads for magnetic recording.

Introduction

In the applications of ceramic materials in electrical
technology there is an increasing requirement for mater-
ials that are completely free of pores. Some examples
here are the transparent AlOs for the envelopes of
sodium lamps, (Pb,La)(Zr,Ti)O3 — known as PLZT —
which is also transparent and used in electro-optical
applications, AlsOs for cutting tools, piezoelectric
ceramics based on Pb(Zr,Ti)O3 for surface-wave filters,
MoSis for electric heating elements, and ferromagnetic
ceramics (ferrites and garnets) for microwave com-
ponents and read and write heads in magnetic record-
ing systems.

The conventional sintering process (i.e. sintering at
atmospheric pressure) will only yield completely dense
products in a few particular cases and then only if

special measures such as the addition of dopes are.

taken. Examples already known include AlQs, to
which a small quantity of Mg is added, Y203 doped
with Th, ferrites, and PLZT with an excess of PbO [1],

A process which is commonly used to obtain high
densities is ‘hot pressing’. Nowadays two methods of
hot pressing are in use: uniaxial hot pressing, both piece
by piece(? and continuous 3], with a punch and a die
of refractory material, and isostatic hot pressing, in
which the starting material, in powder form, is coated
with a thin: metallic layer and an inert gas is used to
transfer the pressure [4l. Some disadvantages of these
processes are that a corrosive reaction often occurs
between the die (or metallic coating) and the ceramic
material to be compressed, and that only pieces with
simple shapes can be manufactured. Moreover, these
processes are expensive and not very suitable for mass
production.

In this article a method of isostatic hot pressing is
described in which no metallic layer is necessary and
which does not suffer from the previously mentioned

Dr K. H. Hirdtl is with Philips Forschungslaboratorium Aachen
GmbH, Aachen, West Germany.

disadvantages [5]. Different technically important cer-
amic materials such as (Pb,La)(Zr,Ti)Os, BaTiOs,
SrTiOs, Al20g, ferrites and garnets have been used in
the studies we have made to find the optimum condi-
tions for the application of this method.

The new method

In the second method of hot pressing mentioned
above, a thin metallic encapsulating layer is necessary
to prevent the working gas from penetrating into the
open pores of the starting material. Increasing the
pressure would not then cause the pores to disappear.

If the starting material is not a powder, but a ceramic
product with pores which are not connected to the sur-
face (closed pores), it can then be pressed without the
metallic layer, since the working gas cannot now pene-
trate into the pores.

The new procedure is therefore performed in two
steps: firstly, a conventional sintering process, from
which an ‘intermediate product’ with closed pores is
obtained, followed by a second sintering at high gas
pressure.

The conventional sintering process which. is used for
ceramic materials in the electronics industry, such as

11 For Al2O3 doped with Mg see: R. L. Coble, J. appl. Phys.
. 32, 787 and 793, 1961; for Y203 doped with Th see
R. C. Anderson, U.S. Patent 3,545,987, 8 December 1970;
for ferrites see A. L. Stuijts, Proc. Brit. Ceram. Soc. 2, 73,
1964; for PLZT with an excess of PbO see G. S. Snow,
J. Amer. Ceram. Soc. 56, 91, 1973.

21 See for example: P. Murray, D. T. Livey and J. Williams,

The hot pressing of ceramics, in: W. D. Kingery (ed.),

Ceramic fabrication processes, Technology Press M.LT.,

Cambridge, Mass., U.S.A., 1958, pp. 147-171.

See for example: G. J. Oudemans, Philips tech. Rev. 29, 45,

1968.

141 See for example: H. Bumm, F. Thiimmler and P. Weimar,
Ber. Dtsch. Keram. Ges. 45, 406, 1968.

(51 Similar work, parallel to ours but independent, has been
carried out by two other investigators: see E. A. Bush, U.S.
Patent 3,562,371, 9 February 1971, and S. E. Isaksson,
British Patent 1,300,864, 20 December 1972.
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perovskites, ferrites or garnets, normally yields prod-
ucts with a density of 95 to 999 of the theoretical
value. The pores of ceramics with a density of more
than 939, are generally closed. This is in agreement
with a theoretical result according to which the pores
in all ceramic materials are closed when the total
porosity is reduced to 99/ (61,

To illustrate this point, fig. / shows a photomicro-
graph of a wafer of (Pb,La)(Zr,Ti)O3 ceramic, which
has been sintered conventionally for four hours in an
oxygen atmosphere at a temperature of 1170 °C. The
residual porosity lies between 1 and 29,. The grain
boundaries and also the residual pores are clearly
visible after thermal etching of the polished surface. It
can te seen that the pores are situated exclusively on
the grain boundaries.

At first sight one might suppose that the dark patches
are not pores but holes resulting from grains breaking
loose from the surface during the polishing. However,
evidence to the contrary is supplied in fig. 2. These two
photographs show the same segment of a conven-
tionally sintered wafer of PLZT, which has been
polished on both sides to make it translucent. While
the photograph in fig. 2a has been taken with reflected
light, the one in fig. 2b has been made using a combina-
tion of reflected and transmitted light. Only surface
pores are revealed in fig. 2a, all of which can be found
in fig. 2b (two pores are ringed). In fig. 2b many other
pores which lie deeper in the ceramic material are made
visible by the transmitted light. It can be established
that the concentration and dimensions of these deeper
pores agree with those of the pores on the surface
shown in fig. 2a.

It can also be clearly seen in fig. | that the residual
pores are not directly connected to the surface. We are
therefore dealing with closed pores.

A second condition which must be satisfied by our
method of isostatic hot pressing is that, at the tempera-
ture at which hot pressing occurs, the gas diffusion
velocity in the ceramic material must be negligibly
small, so that no noticeable quantity of gas can pen-
etrate the pores. In the literature there are no quanti-
tative data on the diffusion constants of the usual work-
ing gases (N2, noble gases, COs etc.) in the ceramic
materials which are considered here. Research has how-
ever shown that, in the perovskite materials which we
have investigated, the diffusion velocity of nitrogen at
the sintering temperature is many orders of magnitude
lower than that of oxygen [7]. The absolute magnitude
of the first diffusion velocity is unknown but it appears
to be low enough for our purposes. The same is also
valid for argon.

In a later phase of our investigations we were able to
confirm that the diffusion velocity of nitrogen in the

Philips tech. Rev. 35, No. 2/3

Fig. 1. Photomicrograph of a wafer of (Pb,La)(Zr,Ti)Os ceramic
(molecular proportion of La/Zr/Ti : 11/65/35) which has been
sintered conventionally for four hours in an atmosphere of oxygen
at a temperature of 1170 °C. The sample has been polished and
then thermally etched (1050 °C, one hour in air). The residual
porosity is between 1 and 29%. It can clearly be seen that the
residual pores (darker) are not linked with each other or the
surface. Magnification 800 .

Fig. 2. Photomicrograph in (a) reflected and (b) transmitted light
of the same wafer of PLZT (11/65/35), which has been polished
on both sides. The pores on the surface (two of which have been
circled) are visible in both exposures; in (b), moreover, many
more which are situated in the interior of the plate can be seen.
Magnification 400 .
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material which we have studied is indeed rather low.
This explains not only why nitrogen is a good working
gas, but also why, in some applications, nitrogen should
not be present in the atmosphere in which the first
sintering process (leading to closed pores) takes place.
This sintering step must not therefore be performed in
air, but in oxygen, for example. We shall come back to
this later at the end of the article.

A diagram of the apparatus which we have used for
our method of hot pressing is shown in fig. 3. The most
important components are a water-cooled pressure
vessel, which can withstand a pressure of 200 bars, and
an electrical furnace with platinum heating elements
suitable for a maximum temperature of 1400 °C.

The following procedure is used: the conventionally
sintered material is placed in the furnace at an atmos-
phere of air. After closing the pressure vessel, the work-
ing gas (nitrogen or argon) is pumped in until a pressure
of approximately 60, of the final value is obtained;
the furnace is then brought to the desired temperature
in about 30 minutes. Owing to the heating, the pressure
in the vessel rises to the desired value, at which it is
maintained by means of a regulating valve. The cooling-
down period is approximately 30 minutes.

Because the pressure vessel is closed in air, there is
always a partial pressure of oxygen present (0.3 to |
bar), depending on the temperature during pressing.
The presence of oxygen prevents a possible reduc-
tion of the material at the high temperature during
hot pressing. Should it be necessary, in certain cir-
cumstances, to have a better control of the oxygen
pressure than is described here, a solution is readily
found.

Preliminary experiments

(Pb,La)(Zr,Ti)O3 ceramic

For certain applications Pb(Zr,Ti)O3 ceramic is used
in which a proportion of the Pb2* ions are replaced by
La?* ions. This increases the dielectric constant, the
coupling factor and the transparency. These changes in
the properties are connected with the defect structure
caused by the substitution of divalent ions by trivalent
ions. The surplus charge of the trivalent ions is com-
pensated by vacancies in the Pb or the (Zr,Ti)
sublattice.

The preparation of this type of ceramic is impaired
by the tendency of the volatile PbO to escape during the
sintering process. A simple way of reducing the loss of
PbO is to add an extra quantity of PbO to the starting
material and to maintain a high PbO partial pressure
during the sintering. It has been shown that a com-
paratively high density is obtained after the first sinter-
ing step when these methods are used [11.
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In our first experiments, which were carried out with
(Pb,La)(Zi,Ti)O3 ceramic (PLZT), the starting mater-
ials PbO, TiO2 and La203 were weighed out in the
required proportions and carefully mixed by dry-
milling. We selected the appropriate proportions in

o 200002}

s

ov v

Fig. 3. Schematic cross-section of our apparatus for isostatic hot
pressing. V" water-cooled pressure vessel with sealing clamps C
and gasket G. [ heat insulation. F electric furnace. S ceramic
sample. 7 thermocouple. L supply leads for the heating elements.
IV gas inlet valve. M manometer. OV gas outlet valve.

accordance with the formula Pb;,,La,Zr,Ti;—,O3, in
which the parameter o indicates the amount to which
lead had been substituted [8]. The mixed powders were
pre-sintered for 10 hours at 800 °C, and then carefully
dry-milled and compressed isostatically (4 kbars) with-
out a binding agent, to a prismatic or cylindrical shape.
The conventional sintering took place in an atmos-
phere of oxygen at temperatures between 1100 and
1300 °C. PbZrO3 was added in order to maintain a
high partial pressure of PbO. A value of the parameter
o in the end product of 1.2 to 1.3 was obtained from the
weight loss during sintering due to the loss of PbO.
The conventionally sintered intermediate products
exhibit a residual porosity of 1 to 0.1%,. Since a low
porosity had already been obtained at this stage, we
were faced with the difficulty of how to determine the
further reduction which can be achieved with our
method of isostatic hot pressing. We could not use
conventional methods to measure the increase in the
density, such as immersion in water, or the determina-
tion of the change in dimensions, since these methods
are not sufficiently accurate. With such low porosities,
information concerning the elimination of pores can
only be obtained using optical methods. The best in-
formation, even if it is only qualitative, is obtained from
photomicrographs, taken with either reflected or trans-
mitted light. The latter method is only possible if thin

61 D. W. Budworth, Trans. Brit. Ceram. Soc. 69, 29, 1970.

71 T. F. Murray and R. H. Dungan, Ceram. Ind. 83, No. 6, 74,
1964.

81 D. Hennings and K. H. Hirdtl, Phys. Stat. sol. (a) 3, 465,
1970.
K. H. Hirdtland D. Hennings, J. Amer. Ceram. Soc. 55, 230,
1972.
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Fig. 4. Photomicrograph in reflected light of a wafer of the same
material as in fig. | after isostatic hot pressing for two hours at
1170 °C in nitrogen at a pressure of 200 bars. The wafer has been
thermally etched and polished. Magnification 800 <.

wafers of a material which does not strongly absorb
are used.

Fig. 1 shows the result of conventional sintering of
a sample of PLZT (x = 0.65, y = 0.11), photographed
with reflected light. In fig. 4 a sample of the same
material is shown after isostatic hot pressing by the
method described here (2 hours at 1170 °C in N2 at a
pressure of 200 bars). It can be seen that the pores have
disappeared, while the grain size has not changed
during the treatment.

We have also investigated the densification of this
material with transmitted light. Fig. 5a shows the result
of conventional sintering and in fig. 56 and ¢ the effect
of conventional sintering followed by isostatic hot
pressing using our method (respectively after 2 and
after 16 hours at 1170 °C in N at a pressure of 200
bars) is seen.

The majority of the pores had already disappeared
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after 2 hours and the porosity was almost completely
eliminated after 16 hours. We do not know whether the
small dark specks which are visible in fig. 5¢ represent
remaining pores, or whether we are concerned here
with a separated second phase (possibly PbO). Electron
microprobe studies have left this question unanswered.

The results of similar experiments with related mater-
ials are reproduced in Table I. The tabulated theoret-
ical densities have been calculated from the molecular
weight obtained from the composition, the number of
molecules per unit cell and the unit-cell dimensions, as
determined by X-ray diffraction. Since the distribution
of the vacancies at Pb or (Zr,Ti) sites is not known with
certainty in PLZT [8], the molecular weight, and there-
fore the theoretical density, cannot be accurately given.
It is apparent from the table that our method of iso-
static hot pressing leads to the theoretical density for
all the materials studied, as is confirmed by photo-
micrographs.

In order to obtain an impression of the increase in
transparency which is obtained with our method, we
have measured the attenuation coefficient for light
with a He-Ne laser; for PLZT with x = 0.65 and
y — 0.11 we found a value of 4.5 cm~!. This means
that in a ceramic wafer with a thickness of 100 pm, as
is used in electro-optical applications, the light loss due
to absorption and scattering is smaller than 5%.

The influence of pressure, temperature and sintering
time

BaTiOs and SrTiOg ceramics

In order to obtain a better idea of the effect of pres-
sure, temperature and duration of our method of hot
pressing on the shrinkage behaviour of ‘ceramic objects,
we have also studied the ceramic materials barium

Table I. Experimental data obtained with the isostatic hot-pressing method without an encapsulating metallic layer, carried out with
Pbi-yLa,Zr,Tii—,O3 and other materials with a perovskite structure.

Pressure Time Tempera- Initial Final Theoretical
Composition ture density density density
(bars) (hrs) °C) (g/cm?) (g/cm?) (g/cm?)
Pb;_yLa,Zr;Ti1—,03

x = 065 y=10.025 200 0.5 1250 7.88 7.95 7.91-7.95

x = 0.65 y = 0.06 200 2 1150 7.73 7.86 7.83-7.86

x = 0.65 y = 0.075 200 0.5 1250 7.68 7.79 7.78-7.81

% = 0/65 y = 0.09 200 2 1170 Tl 7.80 7.75-7.79

x = 0.65 p=10.11 200 0.67 1170 7.63 T12 7.70-7.74

% = 0.65 y = 0.14 200 0.5 1220 7.57 7.68 7.64-7.69

x = 0,58 y = 0.075 200 0.5 1250 7.65 7.78 7.78-7.81

% = 0:62 y = 0.075 200 0.5 1250 7.69 7.79 7.78-7.81

%= 0,72 y = 0.075 200 0.5 1250 7.67 7.79 7.78-7.81

=076 y = 0.075 200 0.5 1250 7.67 7.77 7.78-7.81

x = 0.80 y = 0.075 200 0.5 1250 7.63 7.79 7.78-7.81
Pb(Tio.;’,Zro.5)0.935]:60.01503 200 2 1250 7.95 8.01 8.01
PbTig.42Zr0.5303 + 1 mol %, MnO 200 2 1250 7.98 8.01 8.01
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Fig. 5. Photomicrograph of a sample of PLZT (11/65/35), taken
with transmitted light. @) Initial condition after conventional
sintering. ) After hot pressing by our method (two hours,
1170 °C, in N2 at 200 bars). ¢) After hot pressing under the same
conditions, but now for 16 hours. Magnification 150 x .

titanate and strontium titanate. These materials are
chosen rather than PLZT for two reasons. Firstly,
there is no risk during the hot pressing of a volatile
component evaporating, as is the case to a certain
extent with PbO in PLZT. Secondly, the theoretical
density of BaTiOs and SrTiOgz is known to a much
greater accuracy than that of PLZT.

In the case of BaTiO3 we used BaCO3 and TiOs as
the starting materials, weighing them out in accord-
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Fig. 6. Photomicrograph of a conventionally sintered wafer of
BaTiOs3 ceramic. Magnification 150 .

ance with the formula BaTi1.00503. The small excess of
titanium is necessary to ensure good sintering proper-
ties. The powders were mixed in a dry state, pre-
sintered for 10 hours at 1100 “C and, after dry-milling,
were sintered for 4 hours at 1315 °C in oxygen at a
pressure of | atmosphere. For SrTiOs ceramic the
starting material was commercially available SrTiOg
powder containing an excess of 1.6 mol %, TiOs. This
powder was carefully dry-milled and then sintered for
8 hours at 1340 "C in O2 at a pressure of | bar.

After conventional sintering we obtained densities of
between 5.83 and 5.86 g/cm? for BaTiOg ceramic and
between 5.02 and 5.05 g/cm? for SrTiOs ceramic. As-
suming a perfect crystal lattice, we have calculated from
the lattice parameters that the theoretical density of
BaTiOgzis5.996 g/cm? and that of SrTiOg1s 5.117 g/cm?.
In conventionally sintered samples of BaTiOs and
SrTiO3 ceramics this corresponds to a residual porosity
of approximately 2.5% and 1.59 respectively, which
is confirmed in the photomicrographs ( fig. 6). Our
method of isostatic hot pressing has been carried out at
temperatures of 1100, 1150, 1200, 1250 and 1300 °C at
a nitrogen pressure of 25, 50, 100, 150 and 200 bars.
In order to follow the densification process we have
measured the linear shrinkages of a prism-shaped
sample (5x5x17 mm) in its longest direction. The
change in density is then calculated from the equation:

dil/dy = 1 — 35 + 352 — 3,

where d;i and d; are respectively the initial and final
densities. Since the initial densities amounted to 959
of the theoretical values and the shrinkage was of the
order of 0.01, the second- and third-order terms in the
above equation could be ignored.

Fig. 7 and 8 clearly show how the density of BaTiO3
and SrTiOs ceramic samples asymptotically ap-
proaches the theoretical density, as a function of time,
temperature and pressure. The samples have become
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Fig. 7. Shrinkage behaviour (density ¢ and relative density d
plotted against time 7) of conventionally sintered BaTiO3 which
has been hot pressed by our method at 1100 °C (a), 1150 °C (b),
1200 “C (¢) and 1250 °C (d) in N2 with a pressure which varies
from 50 to 200 bars. The samples have been periodically cooled
in order to carry out shrinkage measurements. The theoretical
density (dr = 100%) has been indicated by a dashed line; the
points plotted on the ordinate are the initial densities (after
conventional sintering).

completely dense at temperatures 100 °C below the
conventional sintering temperature and at a pressure of
200 bars. If the temperature during hot pressing ap-
proaches the conventional sintering temperature, com-
plete densification can be achieved after only ten
minutes.

The densities which are measured after 24 hours of
hot pressing agree well with those determined by
shrinkage measurements. Photomicrographs show that
samples which have attained the theoretical density
asymptotically have become pore-free. This may be
seen in fig. 9, for example, in which the same sample
as in fig. 6 is shown, but after isostatic hot pressing for
16 hours at 1200 "C in N2 at 200 bars.

In general we can say that at the pressure under
consideration, doubling the pressure has approx-
imately the same effect as increasing the temperature
by 50 “C. It is interesting to note that the increase in
density varies logarithmically as a function of time at
low pressures and temperatures.

Fig. 9. Photomicrograph of the BaTiO3 ceramic of fig. 6, after
hot pressing for 16 hours at 1200 “C in a nitrogen pressure of
200 bars. Magnification 150 <.

91 Al203 ceramic has also been studied by E. A. Bush [5], He
had to use considerably higher values of the process param-
eters (1650 °C, 1000 bars and 1 hour) than we did in order to
obtain a dense Al2O3 ceramic. We think that the fact that we
were able to use much lower values is connected with our
addition of a small quantity of MgO to the Al2O3 (the defects
thus introduced increase the sintering velocity).

(101 “‘Cermets’ are combinations of ceramics and metals.
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100% Fig. 8. Shrinkage behaviour of conventionally sidtered SrTiO3
T T T T T T T T ° ceramic which has been hot pressed at 1150 °C (), 1200 °C (5),
5100/6m3 |- 1250 °C (¢) and 1300 °C (d) in N3 at a pressure which varies from
p 9/ - 20060 {o0 5 ; 25 to 200 bars. .
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—t Our method of isostatic hot pressing can be success-
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Table I1. Experimental data obtained with our method of isostatic hot pressing, carried out with non-perovskite material.

Pressure Time Tempera- Initial Final Theoretical
Composition . ture density density density
(bars) (hrs) 0 (g/cm3) (g/cm?) (g/cm3)
Al203 4 0.3 wt %, MgO © 200 22 1300 3.93 3.98 399
YsFes012 (garnet) 200 4 1300 7 4.82 5.16 -5.17
Ni-Zn-ferrite 200 4 1200 5.31 5.33 5.33
Mn-Zn-ferrite 200 ‘ 4.5 1200 4.94 5.10 5.12
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will shrink to such a smali volume that the internal
pressure will become equal to the sum of the external
pressure and the pressure due to surface tension. It will
make little difference to the shrinkage behaviour of
these samples whether they are sintered in Nz or Osz.
However, if the samples are heated again for 2 hours at
atmospheric pressure to the sintering tenﬁperature, we
may expect that, in the first case, the pores will swell,
resulting in a decrease in density, whilst in the second
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marized as follows. The technique is simpler and
appears to lend itself to mass production. Because no
die or metallic encapsulating layer is necessary, there
are no problems of corrosive reactions between the
materials from which these are constructed and the
ceramic. The ceramic samples can easily be pressed
into any desired shape. Comparatively low pressures
(50-200 bars) and temperatures (100-200 °C below the
conventional sintering temperatures) are sufficient.

Table III. Shrinkage and expansion behaviour of samples of PLZT (x = 0.65, y = 0.11) where
the first sintering process has been carried out in either an oxygen or a nitrogen atmosphere.

d
dr

initial density; ‘

density after two hours of hot pressing at 1170 °C in argon at a pressure of 200 bars;

Al shrinkage during the hot pressing. The original length was 16.6 mm;
Al, increase in length after two hours annealing at 1170 °C in air at a pressure of 1 bar;

dy density after annealing.
di . dr Al Al .dn
(g/cm3) | (g/cm®) | (um) (pm) | (gfem?3)
In Oz (4 hrs, 1170 °C) 7.60 7.77 116 0 7.77
In Nz, with a partial pressure of
oxygen of 10~4 bar (4 hrs, 1170 °C) 1.52 7.16 173 47 7.67

case the oxygen will just escape because of its higher
diffusion velocity and no swelling of the pores will
occur. As Table IIl shows, the experimental results
completely agree with these expectations.

For certain applications, such as envelopes for lamps,
which reach a high temperature, it goes without saying
that such a swelling of the pores must be avoided. In
these cases the first sintering step must be performed in
a gas such as oxygen, and in any case not in air. The
first sintering step for Al2Og3 used for the envelope of
sodium lamps is performed in hydrogen, which also
diffuses very rapidly.

The advantages of our method of isostatic hot press-
ing in comparison with earlier methods can be sum-

Summary. In earlier methods for isostatic hot pressing in the
manufacture of ceramics a metallic layer has always been used in
order to avoid the penetration of the working gas into the starting
material. In the new process described here the starting material
in powder form is first sintered at atmospheric pressure to a
ceramic body with closed pores, after which hot pressing without
the encapsulating metallic layer can be carried out. Suitable
working gases are nitrogen or argon, both of which have a
sufficiently low diffusion velocity. The sintering at atmospheric
pressure should preferably be performed in oxygen. The new
method is especially simple to carry out and is suitable for the
mass production of ceramic components of any desired shape.
The process requires a relatively low pressure (50-200 bars) and
temperature (approximately 100 °C below the conventional sin-
tering temperature). Because no die or encapsulating layer is
used, problems relating to the contact between the ceramic and

. the materials from which the die or encapsulating layer are made

do not arise. When these methods are used, the ceramic mater-
ials Pb(Zr,Ti)Os, (Pb,La)(Zr,Ti)Os, BaTiOs, SrTiOs, Al20s,
YsFesO12, Mn-Zn ferrite and Ni-Zn ferrite can be densified to
almost the theoretical density.
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Small electric motors ITL

In this last issue of our group of three on small electric
motors ¥] we give pride of place to an article on the
early history of the electric motor, from Oersted’s dis-
covery of the movement of a magnetic needle in the
neighbourhood of a current-carrying conductor until
about the year 1900, by which time various types of
electric motor were already in industrial production.
This issue also includes a treatment of the optimum dimen-
sioning of a small d.c. commutator motor, the results lead
to dimensional ratios that are different from those usually

encountered. Next, there is a theoretical treatment of the
brushless d.c. motor; the author shows how to construct
diagrams fromwhichsome of the important characteristics
of the motor can be read off directly. The issue concludes
with a comparison of the various types of motor with
particular reference to running costs; by using figures of
merit and their dependence on the dimensions it can be
shown that in general terms some types are more suitable
as small motors, whereas others are more suitable as
motors of larger dimensions.

The early history of the elecfric motor

Brian Bowers

The modern electric motor is the product of a century
and a half of development. In this article the early stages
of that development are followed from the first ideas for
producing motion by electric action up to the point
where the main kinds of motor had been conceived and
put into production.

The first section deals with the very early period, and
the second describes some of the many ‘electromagnetic
engines’ made between 1832 and 1860. The third section
considers some of the ideas which lay behind these
machines. The fourth section shows how the practical
d.c. motor evolved not from the electromagnetic engine
but from the electric generator. The final section is con-
cerned with alternating-current machines, which had to
be invented when electricity-supply conﬁpanies adopted
alternating-current systems.

Motion produced by electricity

A continuous electric current, as opposed to a spark
or static charge, became available in 1800 as a result of
the work of the Italian Alessandro Volta. Volta was
following up the work of his fellow countryman,

Galvani, who had shown in 1786 that the muscle in
the leg of a dead frog could be made to convulse by
touching it with two dissimilar metals. Galvani thought
that the source of the action was in the muscle; Volta
thought it was at the junction of the two dissimilar
metals. Volta wrote a letter from Italy to Sir Joseph
Banks, the President of the Royal Society of London,
in which he announced his ‘Pile’ and his ‘Crown of
Cups’. Volta’s pile consisted of a stack of pairs of silver
and zinc discs, each pair being separated by paper or
cloth spacers soaked in salt water. The crown of cups
consisted of a number of cups arranged in a circle and
each filled with salt water into which strips of copper
and zinc were dipped. Volta’s discovery aroused great
interest, and in November 1801 he demonstrated it
before an assembly of scientists in Paris. Napoleon
Bonaparte was present, and he decided to establish
prizes to encourage new research on ‘galvanism’, as it
was called, and remarked ‘Galvanism, in my opinion,
will lead to great discoveries® (11 [¥*], :
Among the scientists who studied galvanism, or cur-
rent electricity, was the Dane H. C. Oersted. In July
1820 he published a four-page paper in Latin announ-

Brian Bowers, Ph.D., C.Eng., M.LE.E., is Deputy Keeper of the
Department of Electri¢al Engineering and Communications at the
Science Museum, London.

[*1 The previous issues were Volume 33, No. 8/9, 1973, and 34,
No. 7, 1974.
[**] The references are listed at the end of the article.
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cing his discovery that an electric current in a wire could
cause a compass needle nearby to be deflected [2].
Oersted’s discovery created great interest because it
established for the first time a connection between

a magnetic needle were damped if a metal plate was
nearby. Arago constructed a device in which a copper
disc was mounted on a vertical spindle and rotated
beneath a pivoted magnetic needle. He found that the

Fig. 1. The apparatus used by Faraday in 1821 to demonstrate ‘electromagnetic rotation’.
The two basins were filled with mercury; in the left-hand one a bar magnet floated vertically,
with the lower end freely attached to the bottom of the basin. When a current flowed, the
upper end of the magnet described circles around the fixed electrode dipping into the mercury.
In the right-hand basin a bar magnet was fixed to the bottom. The loose wire dipped into the
mercury and described circles around the upper end of the magnet when a current was passed.
A wooden battery trough, divided into cells, can be seen behind the apparatus. (Photo Royal

Institution, London.)

electricity and magnetism. Its significance in the history
of the electric motor is that it was the first production
of mechanical motion by an electric current.
Oersted’s discovery was studied further by the French
physicist Arago. He had noticed that the oscillations of

needle also rotated, albeit at a lower speed, in the same
direction as the disc. The device has since been known
as ‘Arago’s disc’l3l.

The English scientist Michael Faraday, then only the
little-known assistant to Sir Humphry Davy, took up the
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subject of electromagnetism in the summer of 1821. He
had been invited to write an historical account of elec-
tromagnetism for the Annals of Philosophy edited by his
friend Phillips. With his usual thoroughness Faraday
repeated all the important experiments of other scien-
tists while writing his account. As he studied the subject
he became convinced that it ought to be possible to
produce continuous circular movement by making use
of the circular magnetic force around a wire carrying a
current. In September 1821 he found how to do it; he
made two devices, which were really the first electric
motors, to show ‘electromagnetic rotation’. In the first
he fixed a bar magnet vertically in a basin with a blob
of wax. The basin was then nearly filled with mercury
and a wire with a cork on its end was loosely fixed to a
point above the basin. A battery was connected between
the first wire and another wire connected to the mer-
cury, and the first wire moved in a circular path round
the magnet. ‘Very satisfactory’, wrote Faraday in his
notebook. In the second arrangement the magnet was
fixed at the bottom of the basin but the upper end was
free to move. The wire from above was fixed, dipping
into the middle of the mercury. With this arrangement
the upper end of the magnet moved in circles around
the fixed wire. Faraday then had a special demonstra-
tion apparatus made which combined the rotating wire
arrangement and the rotating magnet ( fig. /), and he
published an article on electromagnetic rotations in
October 1821. The apparatus was copied and the ex-
periments repeated all over Europe [,

Peter Barlow, who lectured at the Woolwich Acad-
emy, repeated Faraday’s rotation experiment and then
replaced the rotating wire with a star-shaped wheel
rotating between the poles of a horseshoe magnet. The
wheel dipped into mercury maintaining continuous
contact and when a current flowed between the axis of
the wheel and the mercury then the wheel rotated
(fig. 2) 151,

Faraday’s electromagnetic-rotation device and Bar-
low’s wheel both demonstrated that it was possible to
produce continuous motion by electrical means, but
they had the fundamental limitation that only a single
current-carrying conductor was passing through the
magnetic field. Barlow’s wheel was basically the same
machine as Faraday’s disc generator, although that was
not made until 1831.

The critical advance necessary before electrical
machines — motors or generators — could progress
further was first made in a generator. This was the
concept of making a coil of wire pass through the
magnetic field, rather than a single conductor. In 1832
the French instrument maker Hippolyte Pixii made a
generator (though he did not call it that) in which there
was relative rotation between a permanent magnet and
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a coil of wire, and a crude, cam-operated reversing
switch performed the function of a commutator and
provided a direct-current output ( fig. 3).

The way was then clear for the development of early
forms of motor, or ‘electromagnetic engines’, and many
were made during the 1830s. One suggestion from the
1820s is worth mentioning, however: in 1824 the
Mechanics’ Magazine described a device to show the
‘mechanical Effects of Electricity’ [6]. A light wheel
with vanes cut out of paper was mounted on an axle
beneath two point electrodes in such a way that the
vanes could move in the space between the electrodes
from one electrode to the other. When an electric dis-
charge from a frictional electric machine or a Leyden
jar was passed between the electrodes then the wheel
turned, with the vanes moving from the positive to the
negative electrode ( fig. 4).

Electromagnetic engines

The first person to appreciate that electromagnetism
might be used to provide mechanical power was
probably the American Joseph Henry.

Electromagnets were studied by several people, one
of the first being Sturgeon in England. Gerard Moll,
Professor of Natural Philosophy in the University of
Utrecht, was in England in 1828 and saw some of
Sturgeon’s experiments ( fig. 5). Moll obtained an
electromagnet and made experiments relating the
weight supported by the electromagnet to the active
area of zinc in the battery supplying the current. He

| EY

Fig. 2. Barlow’s wheel. The teeth of the wheel W dip into mercury
between the poles of a horseshoe magnet HM. When a current
flows the wheel turns.
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also tried to observe the speed with which the magnet-
ism could be created and destroyed when the circuit
was made and broken, and the rapidity with which the
polarity could be reversed [71.

In 1830 Professor Salvatore del Negro, of Padua
University in Italy, obtained rotary motion from an
electric current by means of an electromagnet. A per-
manent magnet hanging from a pivot was attracted to
the electromagnet and the electromagnet was energized
through a contact which was broken when the per-
manent magnet moved from its rest position. In this
way the permanent magnet was made to perform an
oscillatory motion which was converted into rotary
motion by a pawl and ratchet [8]. This has been called
the first electric motor (91, but the title seems rather
undeserved.

Henry made a reciprocating electric engine which he
described in 1831 as follows [101:

Fig. 3. Pixii’s generator (1832). This was the first device in which
a multi-turn coil was used to increase the electromagnetic effect.
Right: The two bar magnets are rapidly rotated below the two
coils on an iron core by the handwheel and gearing. Below: A cam
operates a reversing switch, consisting of leaf springs, twice in
each revolution, thus providing a simple commutator action.
(Photos Deutsches Museum, Munich.)
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‘I have lately succeeded in producing motion in a
little machine by a power, which, I believe, has never
before been applied in mechanics — by magnetic
attraction and repulsion. Not much importance,
however, is attached to the invention, since the
article, in its present state, can only be considered a
philosophical toy; although, in the progress of dis-
covery and invention, it is not impossible that the
same principle, or some modification of it on a more
extended scale, may hereafter be applied to some
useful purpose.’

This engine consisted of a straight electromagnet
mounted horizontally and supported on knife-edges at
its centre ( fig. 6). A bar permanent magnet was placed
vertically below each end of the electromagnet with the
north poles facing in the same direction. The electro-
magnet coil was connected between two pairs of stiff’
wires, one pair at each end, and these wires dipped into
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MECHANICAL EFFECT OF ELECTRICITY.

The mechanical Effects of Electricity
are exhibited in its power of impelling
and dispersing light bodies ; of perfora-
ting, expanding, compressing, tearing,
and breaking to pieces, all conducting
substances through which it is sufficient-
ly powerful to force its passage.

If a light wheel, having its vanes
made of card paper, be made to turn
freely upon a centre, it will be put in
motion when it is presented to an elec-
trified point. The wheel will always
move from the electrified point, whe-

ther its electricity is positive or negative.
In this experiment the current seems to
be produced by the recession of the si-
milarly electrified air in contact with the
point, and therefore the circumstance of
the wheel turning in the same direction
when the electricity is negative, cannot
as Mr. Singer has remarked, be con-
sidered as any proof of the existence of
a double current of the electric fluid.
As an illustration take the following
experiment :—

Fig. 4. Rotation of a paper wheel under the influence of an electric discharge. The
vanes move from the positive to the negative electrode. (Mechanics’ Magazine, 1824.)
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Place upon an insulating stem a light
wheel of card paper, properly suspended
upon pivots, as represented in our Plate,
and introduce it between the pointed
wires (AB) of the universal discharger,
placed exactly opposite to each other,
and at the distance of little more than an
inch from the upper vanes. Then hav-
ing connected the wire A with the po-
sitive conductor, and the wire B with
the negative conductor, of an electrical
machine, the little wheel will revolve in
the direction AB ; and if the wire B is
connected with the positive end, and A
with the negative end, the motion of
the wheel will be from B to A. The
transmission of a small charge through
the wires, by an insulated jar, will pro-
duce the same effect.

The preceding experiment, imagined
by Mr. Singer, is considered by him as
a proof that there is only one electric
fluid, and that it passes from the posi-
tive to the negative wire ; for, if there
were two electric fluids, he concludes,
‘“that the wheel being equally acted
upon by each, will obey neither, and re-
main stationary.”’—Chemist.

Fig. 5. Reconstruction of one of Sturgeon’s motors. The rotor consists of two horizontal bar
magnets, which rotate past the poles of four electromagnets. These are connected through a
commutator, which consists of two concentric jars of mercury, four sliding contacts and a
contact disc divided into four quadrants. (Crown Copyright. Science Museum, London.)

permanent magnets caused an attraction at one end of
the bar and a repulsion at the other so that the bar
rocked in the other direction. This movement shifted
the connections of the coil from one battery to the other
and the direction of current in the coil was reversed.

mercury cups when their end was down. A battery was
connected to each pair of mercury cups. When one end
of the bar was depressed the electromagnet was ener-
gized in such a way that the magnetic reactions between
the poles of the electromagnet and those of the two
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The forces acting on the bar were then reversed and the
bar returned to its original position. In this way a
reciprocating motion was established.

Henry’s dipping contacts performed the function of
the commutator in a conventional motor. According to
Henry’s own account the horizontal electromagnet was
seven inches (18 c¢cm) long and wound with three
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section was connected to one pole of the battery. The
ends of the electromagnet coil pointed downwards into
the mercury. Initially Ritchie showed that this device
would rotate in the Earth’s magnetic field, but he found
that it worked better when permanent field magnets
were added, and he was able to raise a weight of several
ounces (several tens of grams) [111,

Fig. 6. Henry’s reciprocating electric engine (1831). The reciprocating electromagnet AB is
alternately connected to the batteries F and G. Attraction and repulsion between the electro-
magnet and the permanent magnets C and D maintain a continuous motion.

parallel strands of ‘copper bell-wire’ each twenty-five
feet (7.5 m) long. (By ‘bell-wire’ Henry meant wire used
for pulling mechanical bells, not of course the modern
cotton-covered ‘bell-wire’ used for electric bells.) The
machine ran uniformly at about seventy-five vibrations
per minute.

In 1833 Ritchie described a rotary motor with a
commutator. The Rev. William Ritchie was Professor
of Natural Philosophy at the Royal Institution. His
motor consisted of a straight horizontal electromagnet
pivoted about a vertical axis ( fig. 7). The commutator
was a circular groove in the baseboard concentric with
the axis and filled with mercury to above the level of the
baseboard. The groove was divided into two semi-
circular sections by partitions and the mercury in each
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Fig. 7. Ritchie’s rotary motor (1833). Current is supplied to the
electromagnet NS through the mercury in two semicircular
grooves a in the baseboard. The motor would rotate in the
Earth’s magnetic field.

In 1835 the London instrument maker Francis
Watkins designed a motor consisting of a group of
stationary coils facing a bar magnet mounted on a
shaft. The shaft also carried contacts which were ar-
ranged to send a succession of pulses of current from
a battery to the coils at the appropriate intervals.
Watkins stated that his machine was based on the
generator recently made by Saxton, which suggests that
he may have recognized the interchangeability of motors
and generators. If he did, he did not make it very clear,
and the fact that motors and generators are essentially
interchangeable was not generally appreciated until
much later.

Watkins wrote a paper for the Royal Society of
London in which he described Henry’s reciprocating
engine, which he said was the first true electromagnetic
motor, and some of his own machines including one
which incorporated a speed-reducing gear. He illus-
trated some of the ways in which motors might be used
as a source of power by using his machine to drive
small models of hammers, pumps and dredging
machines 121,

Also in 1835 Sibrandus Stratingh and his assistant
Christopher Becker, an instrument maker, made an
electric vehicle which ran on a table until the battery
supplying it was run down. Stratingh was a doctor of
medicine and a leading scientist in Groningen, Holland,
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Fig. 8. Stratingh and Becker’s electrically propelled model vehicle (1835). The horizontal bar
magnet is the rotor; its motion is transferred to the wheels by gearing. The jar in Fig. [1]
is a galvanic battery.

where in 1824 he became Professor of Chemistry at the
University. In 1801 he is said to have driven in a steam
car from Groningen to Zuidlaren, a few miles to the
South. He read of the earlier work of Jacobi in Russia,
and wanted to make an electric car. He never made a
full-size car but is said to have had an electric boat in
1840 in which he could sail with his family.

An account of their work by Stratingh and Becker
was published in Dutch in 1835, but is little known out-
side Holland. Their drawings ( fig. 8) show a three-
wheeled vehicle carrying a single voltaic cell and a
rotating horizontal electromagnet with a commutator
beneath it very like Ritchie’s motor. The axis of the
rotating magnet is geared to the running wheels, and
the field excitation is provided by a semicircular electro-
magnet arranged in a vertical plane over the rotor [13],

The earliest patent for electromagnetic engines was
obtained by Thomas Davenport. He had suggested
using electromagnetism to produce motion in 1833, and
he patented a machine in the United States of America
in 1837 141 In the same year an English patent agent,
Miles Berry, acting on behalf of Davenport, obtained
a similar patent in England 151, Davenport’s patent
specification gives a remarkably well developed de-
scription for the first patent in the field. The American
Patent Office required a model, and that model is now
in the Smithsonian Institution ( fig. 9).

The rotor consists of four coils on a cruciform frame
on a vertical shaft. Opposite coils are connected in
series and there are four ends brought out below the
coils as rudimentary brushes, which turn with the rotor.
The fixed part of the commutator is made from two
semicircular copper pieces, connected to the battery.
The stator consists of two semicircular permanent
magnets, with their like poles adjacent. The specifica-
tion envisages the possibility of a four- (or more) pole
stator, in which case the fixed part of the commutator
requires correspondingly more segments. The stator
magnets could be electromagnets rather than per-
manent ones.

Davenport was apparently a blacksmith [16] in Rut-
land, Vermont, though his patent agent just described
him as a ‘gentleman’ ['5], He seems to have been the
first person to use an electric motor to do useful work.
In 1837 he employed a motor weighing fifty pounds
(23 kg) and running at 450 revolutions per minute to
drill holes a quarter of an inch (about 6 mm) in diameter
in steel [17). Davenport had great hopes for future
electrical developments which he expressed thus [18]:

‘I hope not to be considered an enthusiast, when I

venture to predict that soon engines capable of

propelling the largest machinery will be produced by
the simple action of two galvanic magnets, and
working with much less expense than steam!’
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The two pioneers of electric motors whose names are
best known today are probably Jacobi and Davidson.

The Russian professor M. H. Jacobi of St Petersburg
obtained a grant from the Czar to enable him to con-
duct research into electric power, probably the first
example of a government grant for electrical-engineer-
ing research. Although some of Jacobi’s earlier work
was apparently known to Stratingh in 1835, the first
detailed account published in"Western Europe was con-
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permanent magnet on each leg. A commutating ar-
rangement with four contact discs and four wipers
periodically reversed the connections between the bat-
tery and the coils so that the rotor would move always
in the same direction. When supplied through a battery
of 128 Grove cells the vessel travelled at just over four
kilometres per hour. Jacobi reported that the motor
could provide ‘a force of one horse’ from a battery with
twenty square feet (1.9 m2) of platina 191,

Fig. 9. Davenport’s motor (1837). The rotor carries four coils on a cruciform frame, and the
stator consists of two semicircular permanent magnets, with their like poles adjacent. The
model was made for the American Patent Office. (Photo Smithsonian Institution, Washington.)

tained in a letter from Jacobi to Faraday which was
published in 1839. In this letter Jacobi described his
work with an electrically driven boat. The boat was a
ten-oared shallop fitted with paddle wheels driven by
an electromagnetic engine. He ‘travelled for whole
days’, usually with ten or twelve people aboard, on the
River Neva. Jacobi had a motor consisting of two
wooden frames, each carrying a series of horseshoe
elebtromagnets with pole pieces facing one another but
spaced apart. The rotor moved in the space between the
pole pieces. It had a six-legged spider with a straight

In a later motor Jacobi dispensed with permanent
magnets and had two frames carrying straight electro-
magnets. One frame was fixed and the other rotated
(fig. 10).

Robert Davidson was a Scotsman. The first account
of his work was published in 1840 by Professor
P. Forbes of King’s College Aberdeen, who had seen
an account of Jacobi’s experiments in the Philosophical
Magazine and wrote to say that ‘A countryman of our
own, Mr Robert Davidson of this place, has been
eminently successful in his labors in the same field of
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Fig. 10. Jacobi’s motor. A motor rather similar to this one (but
with permanent magnets) was used by Jacobi to propel a boat
on the River Neva at St Petersburg. (Photo Science Museum,
London.)

discovery’. With a machine which Forbes did not de-
scribe except to state that it had only two electro-
magnets, Davidson could drive a lathe and turn small
articles using a battery with less than one square foot
(9 square decimetres) of zinc surface. Another machine
powered by the same battery would propel a small car-
riage with two people along the wooden floor of the
room (201 In the winter of 1841-42 the Royal Scottish
Society of Arts gave Davidson financial help to con-
tinue his experiments. In September 1842 he tried an
electrically driven carriage on the Edinburgh and Glas-
gow Railway; the four-wheeled carriage was sixteen feet
(4.8 metres) long and weighed over 5 tons ( fig. 11).
The motors consisted of wooden cylinders on each axle
with iron strips fixed in grooves in the cylindrical sur-
face. Horse-shoe electromagnets on either side of the
cylinder were energized alternately through a simple
commutator on the axles. As shown in the drawing the
batteries were arranged at each end of the carriage; they
had a total of forty cells, each with a zinc plate between
two iron plates just over one foot square (about 10 dm?).
The plates could be raised out of the wooden troughs

Mr Robert Davidson's Llectro-Mognetic Locomolive, tried upen the
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containing the electrolyte by a simple windlass arrange-
ment. These batteries proved insufficient and more were
added on each side of the carriage, roughly doubling
the power. The carriage then ran at about 4 miles per
hour (about 6.5 km/h) on level track. Although the
contemporary account says the experiments were car-
ried out on the Edinburgh and Glasgow Railway, it
does not say the carriage ran from Edinburgh to
Glasgow. No indication is given of the actual distance
travelled.

An odd feature of the construction was that the cores
of the electromagnets were hollow. Each limb of the
cores consisted of four iron plates arranged to form a
box. According to a contemporary account this con-
struction was adopted to save weight. Clearly Davidson
did not appreciate that it was the total cross-section of
iron which was important.

In the year of the great California gold rush, 1849,
the United States Commissioner of Patents, Thomas
Ewbank, included in his annual report some thoughts
on the subject of electric motors [211:

‘... the belief is a growing one that electricity, in

\_

Edinbicegh and Glasgow Railucy, in September, 1542

5

o
o

Fig. 11. Davidson’s electric lomoco-
tive, operated experimentally in 1842
on the Edinburgh and Glasgow Rail-
way. The drive was provided by the
attractive force between horseshoe
magnets and iron strips fixed in
grooves in wooden cylinders around
theaxles. The batteries were arranged

at each end of the carriage.
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one or more of its manifestations, is ordained to

affect the mightiest of revolutions in human affairs

... When, in addition to what it is now performing

as a messenger . . . it can be drawn rapidly from its

hiding place, and made to propel land and water

chariots . . . then we may begin to think the genius

of civilisation is vaulting rapidly toward the zenith.’
He referred to the experiments with Jacobi’s boat and
Davidson’s electric locomotive and various other ap-
plications of electricity all dependent upon the battery,
and then continued in a somewhat pessimistic vein:

‘but these experiments, interesting as they certainly
were, have brought no marked results, nor afforded
any high degree of encouragement to proceed. It
might be imprudent to assert that electromagnetism,
can never supersede steam; still, in the present state
of electrical science the desideratum is rather to be
hoped for than expected. Great, however, will be his
glory who in the face of these discouragements suc-
ceeds.’

However, Ewbank’s pessimism was not shared by his
government, and in the following year it gave money
for research into electric motors.

Professor Charles G. Page of Salem, Massachusetts,
began a series of motor designs in 1837. In 1838 he
made a machine on Davenport’s pattern and some of
his machines were used for practical purposes in 1838.
During the next decade Page produced a number of
motors and in 1850 he received a congressional grant
of 20 000 dollars to enable him to continue his investi-
gations. With the aid of this he constructed a large
double-acting reciprocating motor weighing several
hundred pounds (100 1b = 45.4 kg); it had a flywheel
and connecting rods. The power produced was one
horse power and as a demonstration it was used to saw
heavy timber. The machine was then reconstructed into
a single-acting motor, which with a larger battery pro-
duced four horse power. Page stated in a report to the
Secretary of the Navy in 1850 that he thought this type
was especially suited to navigation and he recommend-
ed that a one-hundred-horse-power motor should be
built. The next motor actually built by Page was for a
locomotive which, with the battery and load, weighed
about 12 tons (1 ton = 1.016 tonnes). This was tested
in 1854 on the branch line of the Baltimore and Ohio
railroad and gave a maximum speed of 19 miles (31 kilo-
metres) per hour on a level track. By this time the
government - funds were exhausted and Page could
obtain no more money for further experiments 7. -
- Such was the state of the electric-motor art in the
middle of the nineteenth century. Most of what had
beén done had been experiments with little or no
theoretical basis, but some electric-motor theory was
evolving. '
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Theoretical understanding, .

" The first electromagnetic engines were designed on a
purely empirical basis. Given the basic idea of pro-
ducing motion by switching an electromagnet which
attracts an armature, there are three basic choices for
the designer to consider before proceeding to the de-
tailed design:

1. The electromagnets may attract either a soft-iron
armature or a permanent magnet. (The permanent
magnet could of course be a continuously energized
electromagnet.)

2. The electromagnets could either be reversed in polar-
“ity or merely switched on and off.

3. The motion of the armature could be either rotary
or reciprocating,

Permanent magnets were not often used, probably
because the materials available did not make very
strong magnets and better results could be obtained by
the use of electromagnets.

The question of reversing the polarity of the electro-
magnets or merely switching them on and off was an
important issue in the technical press in 1840. In that
year an American, W. H. Taylor, who had moved to
London, obtained an English patent for a motor. His
motor was a simple arrangement of four electromagnets
on a frame surrounding a wooden wheel with seven
soft-iron armatures on the periphery of the wheel
(fig. 12). A simple commutator on the axis switched
the four electromagnets sequentially. Taylor claimed
that previous plans for electromagnetic engines had
depended on changing the polarity of electromagnets
and that his invention was the idea of switching them
so that they were ‘alternately and (almost) instanta-
neously magnetized and demagnetized without any
change of polarity whatever taking place’. Taylor’s
wording is not very clear but he seems to have thought
that earlier engines had failed because it took a signifi-
cant time to reverse the polarity of an iron-cored electro-
magnet, whereas switching it was an almost instanta-
neous process [22], ,

Taylor’s claim to novelty was quickly disputed.
Professor P. Forbes of Aberdeen wrote a letter to
Faraday which, when published, first brought David-
son’s work into the public eye [20l. According to
Forbes, Davidson had ‘employed the electro-magnetic
power in producing motion by simply suspending the
magnetism without a change of the poles’ in 1837.

A contemporary account of Davidson’s work makes
it clear that the maximum magnetic force available was
not a limiting factor in the design of his locomotive [231.

‘According to Mr Davidson’s first arrangement, these

magnets were placed so that their poles were nearly

in contact with the revolving masses of iron in their -
transit; but so prodigious was the mutual attraction,
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TAYLOR’S ELECTRO-MAGNETIC ENGINE.
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Fig. 12. Taylor’s motor (1840). The rotor is a wooden wheel with
seven soft-iron armatures 4. Four electromagnets m are con-
nected and disconnected in turn.

that the means taken to retain the magnets and iron
in their assigned positions were insufficient. They
required to be more firmly secured, and their dis-
tances had to be somewhat increased, by which con-
siderable power was lost.’
So it was purely mechanical considerations which
limited the power of Davidson’s locomotive.

We have enough data to estimate the efficiency of this
machine. The whole locomotive weighed over five tons
and went at four miles (6.5 km) per hour on the level.
A horse could pull such a vehicle 241, and a likely power
is about 500 watts. The batteries were of a kind capable
of giving about 0.2 ampére per square inch (about 3 A
per dm?2) of surface of zinc plate [25]. Each cell had
a zinc area of 360 square inches (23 dm?2) and ought
therefore to have given about 70 amperes at about one
volt. In the original form with forty cells the theoretical
power available was therefore about 40x<70x1 =
2800 watts. However, that proved inadequate and
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the battery capacity was almost doubled. The power
available then would have been about 5 kilowatts. The
overall efficiency of Davidson’s locomotive is therefore
in the range 500/5000 to 500/3000, or from 109 to
169.

The efficiency of electromagnetic engines was a
matter of some interest in the 1840s. In 1843 Charles
Wheatstone described his rheostat, or variable resist-
ance, in a paper to the Royal Society on Electrical
Measurements [261, The rheostat was developed initially
as a measuring device, but Wheatstone stated that it
could be used for controlling the speed of a motor or
keeping it constant as the battery varies. He also stated:

‘Since the consumption of materials in a voltaic bat-

tery . .. decreases in the same proportion as the

increase of the resistance in the circuit, this method
of altering the velocity has an advantage which no
other possesses, the effective force is always strictly
proportional to the quantity of materials consumed
in producing the power, a point which, if further
improvements should ever render the electro-
magnetic engine an available source of mechanical
power, will be of considerable importance.’
This, of course, is not correct, since it ignores the power
wasted in the resistance. But it suggests that he had
conducted some experiments designed to relate the
power obtained from an engine and the consumption
of materials in the battery.

In 1850 the Philosophical Magazine reported that
one grain (about 0.07 g) of coal consumed in the
furnace of a Cornish engine would lift 143 pounds
(about 55 kg) one foot (about 30 cm), whereas one
grain of zinc consumed in a battery would lift only
80 pounds through the same distance. The cost of zinc
was much more than the cost of coal, and therefore
under the most favourable conditions ‘the magnetic
power must be nearly 25 times more expensive than
steam power’ [27],

The problem which designers of electromagnetic
engines had to solve was that of obtaining a useful out-
put stroke from a power source which gave great power
but through only a short distance.

One approach was that adopted by Wheatstone who,
in 1841, patented a number of rotary engines in which
he sought to increase the output stroke in relation to
the distance between the electromagnet and the arma-
ture. His idea was to make the armature move in a
direction inclined to the direction of the magnetic force.
He was not expecting to obtain more work from his
machine (the relationship ‘work = force < distance
moved in the direction of the force’ was already well
known) but he wanted it in a longer output stroke. He
made at least three machines of different designs to
exploit the idea. In the first design a number of horse-
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shoe electromagnets are arranged in a circle around
the stator with their poles pointing inward. The arma-
ture is a soft-iron ring whose outside diameter is a little
less than the diameter of the circle which bounds the
surfaces of the electromagnet poles. The armature is
carried on a crank on the main shaft and the electro-
magnets are energized sequentially so that the armature
rolls round inside the stator, pulling the crank with it.
According to the patent drawings ( fig. /3a) the arma-
ture ring acted as a commutator by pressing on contact
strips as it rolled around the stator. The machine now
in the Science Museum (fig. 13b) has a simple fixed
commutator with a contact for each electromagnet and
a single wiper carried on the main axis.

Wheatstone called these machines ‘eccentric electro-
magnetic engines’. In another one the armature is an
iron disc which performs a wobbling motion as a
number of coils are energized sequentially. The patent
drawing shows electromagnet coils in milled slots in an
iron stator disc, though the actual machine in the
Science Museum has four separate horseshoe electro-
magnets to act on the disc.

In both these machines the armature actually moves
a distance equal to the spacing between two adjacent
electromagnets, but, as can be seen in the illustrations,
the magnetic pull has to be effective over only a much
smaller distance.

Froment was the only other person to make machines
of this kind. He made a machine similar to Wheat-
stone’s first in about 1847. It may be seen working at
the Musée du Conservatoire des Arts et Métiers in
Paris. called it
cycloidal’.

Several methods of increasing the output stroke were
tried in reciprocating electromagnetic engines. One of
the first men to do this was Uriah Clarke of Leicester,
who exhibited an ‘electromagnetic carriage’ at the
Leicester Exhibition in 1840. Clarke’s carriage weighed
only 60 pounds (27 kg), so it must have been fairly
small. The motor had a single electromagnet which
acted on an armature on a pivoted lever ( fig. 14). The
lever was coupled by a chain to a crank, and Clarke’s
idea was that the electromagnet was energized to give
the armature and hence the chain one brief, sharp pull
during each revolution of the crank [28],

Later in the same year Thomas Wright published his
idea for increasing the working stroke of a reciprocat-
ing electromagnetic engine. His proposal was that one
edge of the armature should be fixed by a hinge to the
electromagnet ( fig. 15). In that way he thought he
could increase the useful working stroke from } inch
to 14 inches (from 6 mm to 3 cm) [29],

The most ingenious of all electromagnetic engines
must surely be the machine constructed by Thomas

Froment the ‘électro-moteur epi-
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Front Elevation .

Fig. 13. Wheatstone’s electromagnetic engines. The armature
rolls round inside the stator; it is carried on a crank on the
main shaft. The movement of the armature is therefore larger
than the distance through which the attractive force operates.
a) Drawing from an 1841 patent specification. The armature ring
acts as a commutator by pressing on contact strips as it rolls
around the stator. ) Model with a single wiper commutator
carried on the main axis (at the rear). (Lent to the Science
Museum, London, by Kings College, London.)
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Allan in 1852. This is a reciprocating engine with four
cranks and four ‘piston rods’ ( fig. 16). Each piston
rod carries four armatures which press on collars on
the rod, but are not otherwise fixed to it. Sixteen sets

Fig. 14. Clarke’s motor (1840). The output stroke of the electro-
magnet C was magnified by the lever B, which gives the chain A4
a brief, sharp pull during each revolution of the crank.

of coils, one set for each armature, are energized one
at a time by a commutator. Each piston rod is active
for one quarter of a revolution of the output shaft, and
each armature is active for only one quarter of the
working stroke of its piston rod. When an armature
reaches its electromagnets it is stopped by them but the
piston rod continues its travel, driven by the next
armature in sequence [30],

None of these machines were successful, in the sense
of being adopted commercially. They failed for two
reasons. Firstly, the only electricity supply was from
batteries and, as we have seen, they were much more
expensive than steam power. But if that were the whole
story then electromagnetic engines would have flour-
ished in the 1880s when generators became available
for electricity supply. However, the French writer on
electrical engineering, Comte Th. du Moncel, wrote in
1878 that [31]

‘Attempts have been made . . . to employ the attrac-

tive effect of electromagnets . . . as a motive force . . .

But it can almost be predicted that those motors

which are most successful when of small size are

precisely those which give worst results when of large
size, should they still give any, which does not always
happen.’

When practical generators were developed in the
1870s it was soon found that an identical machine
would function as a motor and that larger ones were
more efficient than smaller. The development of electro-
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magnetic engines came to an abrupt halt, except in two
applications. Until the widespread adoption of the tele-
phone thousands of ABC telegraph receivers were in
daily use, and each contained a tiny electromagnetic
engine to turn the pointer. More recently battery-pow-
ered electric clocks, driven by an electromagnetic engine,
have become popular.

Practical electric motors

The electric generator was developed by several inde-
pendent inventors in 1866. This invention made large-
scale electricity supply a practical possibility. At first the
new electrical industry supplied only electric lighting,
but it was soon found that a machine identical to the
generator could be used as a motor ( fig. /7). It is not
known whether such a machine was first tried as a
motor because theoretical reasoning suggested the
interchangeability of motors and generators, or whether
the motor action was discovered accidentally by some-
one who tried to operate two generators in parallel.

The first public demonstration of the electrical trans-
mission of power was given during the Vienna Exhibi-
tion of 1873. The motor and generator were identical
Gramme machines with permanent-magnet excitation.

| The generating machine was driven by a steam engine
and supplied current to the second machine, 550 yards
(500 metres) away, which drove a pump [321,

Fig. 15. Wright’s motor (1840). The output stroke is again
magnified by a lever; the armatures are hinged to the edge of
the electromagnet.

Similar demonstrations were given at the Loan Col-
lection of Scientific Apparatus in London and at the
American Centennial Exposition, both in 1876. The
people responsible for these demonstrations seem to
have been very eager to transmit power over long dis-
tances, and they appreciated the advantages of high-
voltage transmission. In 1880 at the Munich Exhibition
Marcel Deprez transmitted electric power over a dis-
tance of 34 miles (55 km) from Miesbach to Munich
through a double line of telegraph wire. The machines
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used were ordinary Gramme generators, with wound
fields ( fig. 18), but the usual windings were replaced
by coils with more turns of finer wire. The machines
had a resistance of 470 ohms each and the line 950 ohms.
The terminal voltage was 2400 V at the generator and
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motors could be made to run at constant speed over a
range of loads by adopting compound winding there
also [211 [32],

Also in the 1880s electric power was used for plough-
ing in France. The arrangement was similar to that used

Fig. 16. An ingenious electromagnetic engine due to Allan, with four ‘piston rods’ (1852).
Each piston rod is pulled downwards by four groups of electromagnets; these do not operate
simultaneously but in sequence, thus magnifying the stroke. (Photo Science Museum, London.)

800 V at the motor, and the overall efficiency of the
power transmission was 33 9, (321,

At the International Electrical Exhibition in Paris in
1881 Deprez demonstrated several motors, including
some driving sewing machines and lathes.

Compound winding of generators to give a constant
output voltage was developed in the early 1880s. Con-
stant voltage was very important for the newly invented
incandescent-filament lamps. It was soon shown that

for ploughing by steam power. Two Gramme machines
were required, mounted on wheeled trolleys at opposite
ends of the field, and the plough was then drawn along
by a rope which was pulled first to one motor and then
to the other. Current was supplied from a steam engine
and generator installed under cover [321,

The first electric motor to be mass produced was
probably the small motor used by Edison in his ‘electric
pen’ ( fig. 19). The electric pen was a stencil cutter in
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Fig. 17. Cut-away view of an early
Siemens generator that was used as
a motor. (Photo Science Museum,
Lendon.)

which a motor running at about 65 revolutions per second drove an oscil-
lating needle to perforate the stencil. The motor was only 1.6 inches (4 cm)
high and 0.8 inches (2 cm) wide. It had a fixed electromagnet, a rotor consisting
of a straight permanent magnet, and a commutator which reversed the con-
nections of the electromagnet twice per revolution [33]. Tens of thousands of
electric pens were sold [9].

In 1879 Edison began marketing a small motor intended for running sewing
machines and other light machinery from the electric-lighting mains. The
construction was very similar to Edison’s early generators, with their charac-
teristic long field windings [331.

Fig. 18. Gramme generator with
wound fields. (Photo Science Mu-
seum, London.)
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Fig. 19. Edison’s ‘electric pen’, the first electric motor to be mass-produced. The oscillating
needle point was used as a stencil cutter; the motor ran at about 65 revolutions per second.
(Photo Science Museum, London.)

The most important early application of electric
power was for railways and tramways. Siemens and
Halske gave the first successful demonstration at the
Berlin Industrial Exhibition in 1879. They had a rail-
way with 325 yards (300 m) of track formed into a
closed oval. The locomotive was a four-wheeled truck
carrying an ordinary Siemens dynamo/electric machine
which was geared to the wheels ( fig. 20), and it pulled
an open carriage with passengers. The electricity supply
was through a central live rail with the running rails
providing the return path. In the following year Egger
showed a railway at Vienna in which the two running
rails were insulated from one another and formed the
positive and negative conductors [321.

The first permanent railway open to the public was
constructed by Siemens and Halske at Lichterfelde and
opened in 1881. It ran for 14 miles (24 km) between
Lichterfelde station and an Army Training School.
Each carriage was rather like a tramcar in appearance,
and had a single motor fixed centrally under the
floor [321,

The first electric railway in the United Kingdom was
the line from Portrush to Bushmills, opened in 1883.
The total length was six miles (9% km), and the rail-
way had several features of interest. Electrical opera-
tion was not envisaged when the line was first proposed,
but it was adopted because abundant water power was
available at Portrush, where a hydroelectric generating
station was built. The motors were placed centrally
under the floor of the carriages, and the driver had a
lever which enabled him to reverse the motor by
moving the brushes. There was a driving position at
each end of the carriages [321.

Direct-current motors for both traction and other
applications were developed by many manufacturers
during the later 1880s and 1890s. An important differ-

ence between early industrial motors and generators of
the same period was that provision had to be made in
the motors for reducing sparking at the commutator by
keeping the brushes on the magnetic neutral axis as the
load varied. Initially the engine-driver or other person
in charge of the machine was given some means of
adjusting the brush position as the load varied, but that
was only practical when dealing with a single motor in
an accessible location. The American engineer Frank
J. Sprague, who established the Sprague Electric Rail-
way and Motor Company in 1884, found that by
making a compound-wound motor with the series field
coil arranged at an angle to the main, shunt coil, he
could maintain spark-free commutation under varying
load with a fixed brush position [211,

The overall height of a traction motor is a critical
dimension, especially when the motor is mounted on

Fig. 20. Cross-sectional drawing of Siemens and Halske’s electric
locomotive (1879). A Siemens generator was used as the motor,
and was coupled to the wheels by the gears /, ¢, v, x. The current
was taken from a central live rail N.
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the bogie of an eight-wheeled coach rather than on the
floor of a simple four-wheeled vehicle. This require-
ment led to a design of motor which appears at first
sight to have only two poles but does in fact have four,
although only two poles are wound.

Alternating-current motors

In the last years of the nineteenth centrury there was
much controversy between the supporters of direct-
current electricity supply and those who favoured
alternating current. The advantage of a.c. was that
transformers could be used; electric power could then
be converted to high voltage at the power station,
transmitted more efficiently than at low voltage, and
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Since the synchronous motor is essentially a constant-
speed machine, it can only be used in a few special ap-
plications. With the introduction of alternating-current
electricity-supply systems there was a need for a
general-purpose a.c. motor. It was found that the ordi-
nary direct-current motor could be modified to run on
alternating current. The problem was that the induc-
tance of the field winding led to excessive sparking, and
eddy currents in various parts of the machine caused
power loss and overheating. The use of laminated con-
struction for the stator as well as the rotor alleviated the
situation, but a.c. versions of the ordinary d.c. motor
have never proved satisfactory except in small sizes.
The Siemens firm were developing a.c. commutator
motors as early as 1884 and Alexander Siemens spoke

Fig. 21. Tesla’s two-phase induction motor (1888). Neighbouring groups of three of the twelve
stator coils are successively connected in series. The stator iron is laminated. (Crown Copy-

right. Science Museum, London.)

reduced to low voltage at the load. The supporters of
d.c. pointed out that it was difficult to operate alter-
nating-current generators in parallel, and d.c. motors
were generally far better then a.c. motors.

In a lecture to the Institution of Civil Engineers in
1883, entitled ‘Some Points on Electric Lighting’, Dr
John Hopkinson discussed the operation of alternating-
current generators in parallel [34], Even the possibility
of parallel running was doubted by some engineers, but
Hopkinson showed that it could be done if the machines
had similar output waveforms. He then said that if two
such generators were being run in parallel and the
power driving one was cut off, then that machine would
continue running as a motor. Furthermore, the motor-
ing machine would maintain synchronism with the
other machine which continued to generate.

on the subject at the Institution of Electrical Engineers
in November 1884 [35],

The most important type of motor today, in terms
of total power installed, is the induction motor. The
origin of this is to be found in Arago’s disc, for both
Arago’s disc and the induction motor utilize the force
between a moving magnetic field and a conductor carry-
ing a current induced by the magnetic field. Arago pro-
duced a rotating field by spinning a bar permanent
magnet about an axis perpendicular to the bar. In
induction motors a similar magnetic field is produced
by currents in the field coils, without the need for any
moving parts.

In 1884 two men, Galileo Ferrari in Italy and Nicola
Tesla in America, showed, independently of one an-
other, how fixed coils carrying suitable phase-displaced
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currents could produce a rotating magnetic field and
cause an armature to rotate. In Turin, Ferrari used two
coils arranged at right angles and fed from the same
a.c. supply, one directly and the other through an
inductance. Although he produced rotation he did not
develop his device into a practical motor [91. At about
the same time Tesla read a paper to the American
Institute of Electrical Engineers in which he described

Philips tech. Rev. 35, No. 4

By 1897 Langdon Davies was producing single-phase
induction motors commercially 91,

By the end of the nineteenth century, less than one
hundred years after Oersted’s demonstration that an
electric current could produce motion, the main types
of electric motor had been invented and were in pro-
duction.

Fig. 22. Langdon Davies’s induction machine for a single-phase supply (1891). Four of the
six stator coils are connected directly to the supply, two via a resistance. (Lent to the Science
Museum, London, by the Langdon Davies Motor Co.)

a two-phase generator and motor [36]. The generator
was made by fitting two pairs of slip-rings to a d.c.
generator; the motor consisted of an iron ring with
four coils wound around it and each pair of opposite
coils connected together and to one pair of slip-rings.
He showed that the arrangement gave a rotating field
and that pivoted metal discs placed within the iron ring
would spin. The success of this experiment led Tesla to
build the first practical two-phase induction motor
(fig. 21). Within a few months he had made three-
phase machines also, and the Westinghouse Company
began to manufacture them.

In 1891 W. Langdon Davies showed that it was pos-
sible to run an induction motor from a single-phase
supply. He made an experimental machine whose stator
was an iron ring carrying six coils with six pole pieces
between them ( fig. 22). Opposite coils were connected
together, so there were three groups of two coils. Two
groups were connected directly to the supply, the third
was connected through a resistance so as to introduce
a phase shift. The rotor was a ring similar to the stator,
but smaller, and wound with six short-circuited coils.
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Summary. The electric motor has a history of a century and a
half. The article covers the period until about 1900. After
Oersted’s discovery in 1820 machines were made in many places
to demonstrate that mechanical movement could be produced
by electricity. From this time ‘electromagnetic engines’ began to
appear; these were machines in which a continuous movement
was produced by the attractive and repulsive forces from periodi-
cally switched electromagnets. Such machines were used as prac-
tical sources of mechanical power, and also in experiments to
demonstrate the electric propulsion of boats (Jacobi) and railway
carriages (Davidson). The electricity supply was provided by
batteries, so that these machines were very expensive to operate.
With the development of the d.c. dynamo (Gramme, Siemens),
cheaper electricity became available; at the same time it was
found that these dynamos could also be put to good use as
motors. Many practical applications now began to appear: as a
drive for tools (Edison) and the very important one of motive
power on railways and in trams (Siemens and Halske, Sprague).
Alternating current had advantages for the transmission of cur-
rent over long distances; and the induction motor was developed

(Tesla).
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Designing a small d.c. motor

R. H. Dijken

Small d.c. motors

Every year, more than a hundred million small d.c.
commutator motors are made throughout the world —
far more than any other type of electric motor. These
motors are generally powered by dry batteries (toys,
electric shavers, portable recorders and players), but
sometimes by rechargeable nickel-cadmium batteries
(shavers, film cameras) or from the mains via a trans-
former and rectifier (model trains).

In designing a small d.c. commutator motor it is
still quite common to start by modifying an existing
design in the light of practical experience. In this
article an attempt will be made to contribute towards
a more theoretical approach mainly concerned with the
efficiency and the dimensions. First of all it will be
shown that the efficiency and the speed can both be
expressed in terms of two dimensionless parameters,

Fig. 1. A small d.c. commutator motor, taken apart. From left to right: steel outer housing,
plastoferrite ring magnet, rotor with three teeth and three flat commutator segments, bearing
cap with brushes and electrical connections.

The supply voltage depends on the application, but
is rarely lower than 1 volt (one dry cell or one nickel-
cadmium cell) or higher than 12 volts (one car battery).
The power delivered generally lies between a few tenths
of a watt (record players, small toys) and a few watts
(shavers). The life required of the motor may be as
much as several thousand hours (recorders and players).

Two important aspects of the design of a small d.c.
commutator motor are the efficiency and the life; the
life is mainly determined by the commutator and the
brushes. A high efficiency is especially important for
battery-operated equipment, because of the high cost
per kilowatt hour of the electrical energy used; when
the motor is powered by nickel-cadmium cells, suf-
ficiently long operation per charging cycle is desirable.
Other factors apart from the efficiency and the life are
also important, of course; these include the motor
torque at various speeds and also the dimensions,
weight and prime cost (the cost of manufacture).

Dr Ir R. H. Dijken is with Philips Small Domestic Appliances
Product Division, Hoogeveen, the Netherlands.

one containing motor characteristics only and the
other also including the torque required by the load.
Two other important points are then considered: first,
the choice of the magnetic material, and then the
method of choosing the relative dimensions of the rotor
to give the best compromise between the power deliv-
ered, the dimensions and the efficiency. It is found that
the optimum length-to-diameter ratio of the rotor is
much smaller than that normally encountered, and the
optimum ratio of tooth width to rotor diameter much
larger.

Construction of a small d.c. commutator motor

To give an impression of the construction of the d.c.
motors discussed in this article, the various parts of a
motor are shown in fig. I. The rotor consists of a
laminated core with three slots. There are three rotor
coils, connected to the three segments of a planar com-
mutator. The coils are insulated from the core by a
layer of injection-moulded plastic, shaped to give the
correct support to the coils.
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The stator consists of a permanent ring magnet of
plastoferrite (a plastic-bonded ferrite, type SP 130 here).
The magnet is surrounded by a steel ring that com-
pletes the magnetic circuit externally ( fig. 2).

Bearing caps are fitted at each end of the motor. The
cap at the commutator end contains the brush assem-
bly, the other is used to attach the motor to the system
it drives.

Fig. 2. Cross-section through a small d.c. motor, showing the
magnetic lines of force. The shaded ring is the plastoferrite
magnet. A space for windings. b width of rotor tooth.

Efficiency

The losses occurring in the motor can be classified as
either electrical or mechanical losses. The electrical
losses are those of the rotor and commutator resist-
ances, and those caused by eddy currents and magnetic
hysteresis. The mechanical losses are caused by friction
in the brushes, in the bearings and due to air resistance.

There is however another way of classifying the
losses: they can be split up into losses that appear when
the motor is switched on but is not rotating (e.g. be-
cause the shaft is kept fixed), and those that occur when
the rotor carries no current but is rotating (e.g. because
it is driven externally). The first category only includes
the conduction losses, and the second only the iron
losses and the various frictional losses. This second
method of classification is more suitable for efficiency
calculations, since all the losses in the second category
are approximately proportional to the motor speed.

The conduction losses in the rotor winding depend
on the rotor resistance R between the two commutator
segments with which the brushes make contact. This
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resistance is called the diametral rotor resistance, and
is the resistance of the two rotor paths in parallel [1],
one path consisting of one rotor coil and the other of
two rotor coils in series. There is also a contact resist-
ance between the brushes and the commutator. This
contact resistance is almost independent of the current
with the noble-metal brushes and segments used here
(this is not the case with carbon brushes). It can there-
fore be combined with the resistances of the actual
brushes, the lead wires and possibly the switch, to give
the constant resistance Ry,.

The equivalent circuit of the d.c. motor then takes
the simple form shown in fig. 3. The applied voltage V,
which is the sum of the voltage across the resistance
R -+ Ry, through which the current / flows, and the
speed voltage (or back e.m.f.) E induced in the rotor
is therefore given by:

V=E+1I(R - Rp). ()
The power supplied P; is equal to V1, so that:
Pi = EI + I%(R + Rp). 2

The conduction losses are /2(R -+ Ry); the remainder
ET of the power supplied is converted into mechanical
power and is called the electromechanical power Pe.
An efficiency 7, which is often called the electrical
efficiency, can be defined as follows:

Pe V—I(R I Ry) E

e . 3
e p % % )

The speed voltage is given by:
E=2nN®, (4)

where 1 is the number of revolutions per second, N is
the total number of turns of all three rotor coils and @
is the maximum flux through one rotor tooth (this flux
is at a maximum when the tooth is exactly opposite the
pole of the magnet).
I R Ry
to——{  +——{  +—

i 5
v Ok

=0

Fig. 3. Equivalent circuit of the d.c. motor. V supply voltage.
I supply current. R diametral rotor resistance. R, commutator
resistance. £ speed voltage (back e.m.f.) induced in the rotor
coils.

Equation (4) gives the average speed voltage. In reality, the
speed voltage has a ripple, since it is the resultant of the voltages
induced in the three separate rotor coils. If we assume that the

11 An introductory treatment of the commutator motor is given
in E. M. H. Kamerbeek, Electric motors, Philips tech. Rev.
33, 215-234, 1973.
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flux through. the rotor teeth varies sinusoidally and that the com-
muitation occurs instantaneously and at the zero crossing of the
induced voltage, then the voltages induced.in rotor coils 1, 2and 3
have the waveform shown in fig. 4. The resultant voltage is given
by the thick line, and is'found to be the same for both rotor paths
at any given moment. Tt is clear from the figure that the average
value is given by

Q1w

2n
3
Ju 3
E= f ésinfdf = = é.
. 7
s .
3

The angle 0 gives the position of the rotor in relation to the stator.
The voltage induced in one rotor coil is

N

Nd.; __Nd
e=—3 4 (P cos 0) = 3 q@ ((_f’ cos 27nt).

The peak value of this voltage is
é=2mn H d.
: 3
Equation (4) follows directly from this.

The electromechanical power Pe, which is equal to
EI in terms of electrical quantities, is also equal to the
product of the angular velocity and the torque Te:

Pe = 2nnTe. ®

It follows from the above that the electromechanical
torque may be written:

Te = NOI/n. ©6)

This torque is not all available at the shaft, since the
rotating rotor is subject to a braking or loss torque T4
due to the iron losses and the frictional losses. The
available torque T is therefore smaller:

0 - . T 27

—

Fig. 4. The induced voltage e in the three rotor coils /; 2 and 3;
the-top and bottom.curves are for the two rotor paths;-8 indicates
the angular position of the rotor in the stator. Each rotor coil
forms part of both rotor paths in turn; commutation is assumed
to be ideal. The thick-line gives the resultant speed voltage.
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The braking torque, which only increases slightly with
the speed, may be taken as constant when designing a
motor for a limited speed range.

A mechanical power

P = 2nnT

is thus delivered at the shaft. The efficiency P/Pe, which
expresses the iron and mechanical losses, is often called
the mechanical efficiency. It can be written:

T

TI T ®

Nmee =

The overall efficiency 5 of the motor, the product of the
mechanical and electrical efficiencies, is therefore:
T V—IR+ Ry)

T+ Ta v '

7 ©)
The efficiency varies with the torque T delivered by the
motor and with the supply voltage V. The current 1
can be eliminated with the aid of the expressions given
above, so that the efficiency may finally be written in

-the form:

T 7T(R + Ry)
T T+ Ta NOV

7 (10)

A number of parameters will now be introduced
which can simplify the form of this expression. The
motor can be driven externally at a speed ngp such that
the induced speed voltage E is equal to the applied
voltage V:

V = 2noNQ. (11)

No current will then flow, and the mechanical power
Py will all be consumed in the iron and frictional
losses:

Py = 2nneTq. (12)

If on the other hand the shaft is held stationary and a
voltage ¥ applied, all the electrical power Py supplied
will be dissipated in the resistances:

Ve
Py= ——. 13
= T 13
The ratio G of these two powers:
Py  2aneTa(R+ R
c_Fo_ 2mm a(R + b), (14)

=7 2
is an important parameter, which characterizes a
motor developed for a particular supply voltage and
speed. Introducing G into the expression for the
efficiency, we obtain:

T T

= T T Td’— Ta’ 1%

n
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Fig. 5. Curved lines: The efficiency 7 as a function of a = T/Tq (where T'is the delivered torque
and Tq the loss torque), with G as parameter. For the motor shown in fig. I, G = 0.04 and the
maximum efficiency is 0.64. Straight lines: speed-torque characteristics. n speed. 1o reference

speed.

It is now useful to introduce a second dimensionless
parameter

given value of G the maximum efficiency is obtained at
a load such that

T a=1/))G—1. 18
a= T (16) e ( )
d This maximum efficiency is given by
This parameter simplifies the expression for the effi- s = (1 — VG)2~ (19)

ciency to

— Ga. {17

n= a-+t1

In fig. 5 the curved lines give the efficiency as a func-
tion of @, with G as parameter. The smaller G is, the
higher the efficiency that can be achieved. If (17) is
differentiated with respect to g, it is found that for any

5w

L ]
0.8 1

0.2 0.4

0

1
0 06
Fig. 6. The mechanical power P; to be supplied for an output
power of 1 watt, plotted against the efficiency 7. The higher the
efficiency, the less power can be gained by increasing the efficiency
further. - ’

With this optimum load the electrical and mechanical
efficiencies are equal (1 — V@), as appears on sub-
stituting 7/Ta = a = 1/)/G —1 in (8).

What should be the target efficiency?

As mentioned in the introduction, in designing a
motor a compromise has to be made between efficiency,
life and prime cost. If a motor is intended for cheap
toys its prime cost must be kept as low as possible,
even if this has an adverse effect on the efficiency and
life. In small battery-powered consumer articles such
as shavers, cameras and toothbrushes, on the other
hand, the efficiency should be high, even if this makes
the motor more expensive; in this case, the expense and
inconvenience of changing dry cells or recharging
accumulators are important. But just fow high an
efficiency should be aimed at?

To find an answer to this question, let us start by
looking at fig. 6. This figure shows a graph of the power
P; supplied as a function of the efficiency 7, for a motor
delivering a power P of 1 watt. It will be seen that P;
decreases as # increases, but flattens out as # becomes
higher. Making the efficiency very high does not there- -
fore give much extra saving of power.

In the second place, experience shows that at the
present state of-the art it is practically impossible to
.develop.a small d.c. motor with an efficiency of more
than about 809, for a delivered power of about 1 W,
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even if a very high prime cost is acceptable. For these
two reasons, an efficiency of about 809, should be
considered as the practical maximum against which
the efficiency obtained in a particular case can be
compared.

A general argument for aiming at a high efficiency
(energy considerations apart) can be derived from
fig. 5. If G = 0.1, it can be seen from the figure that the
maximum efficiency is 479 at a = 2.16. If a is varied
from this value by a factor of 3, the efficiency falls to
329 on increasing a and to 22 9 on decreasing a. If on
the other hand G = 0.01, the maximum efficiency
(81%)is found at @ = 9; if a is again varied by a factor
of 3, the efficiency remains high (729 and 69 %). This
means that by making motors with a low value of G,
i.e. a high maximum efficiency, the manufacturer can
cover a wide range of delivered powers with a limited
number of motor types.

Speed

Like the efficiency, the motor speed (or more ac-
curately the ratio of the speed to the reference speed no
defined above) can be given by a simple expression
containing only a and G, since the ratio n/ng is equal to
e, one of the factors of #:

n E VIRt Ry)
no v V

= 7e. (20)
The quantity / can be eliminated as before for the
efficiency; substitution of @ and G then gives:

n
= 1—G(a+ 1).

o

(21)

This function is plotted with G as a parameter in fig. 5
(the straight lines). These are therefore speed-torque
characteristics, the converse of the more usual torque-
speed characteristics. It can be seen that the speed falls
off faster under the influence of the load as G increases.

Two important design aspects

Choice of magnetic material

In designing the motor it is necessary to choose the
type of material for the permanent-magnet stator. At
present there are four materials that might be consid-
ered when prime cost is taken into account:

1. Magnet steel (of various compositions), with a
remanence of from 0.6 to 1.3 teslas; this group will be
referred to here as ‘Ticonal’;

2. Sintered ferrite (not magnetically aligned), with a
remanence of about 0.18 T (unaligned ferroxdure);

3. Sintered ferrite (magnetically aligned), with a reman-
ence of 0.28 to 0.36 T (aligned ferroxdure);
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4. Plastic-bonded aligned ferrite with a remanence of
about 0.25 T (plastoferrite).

‘Ticonal’ is not so suitable for our purposes. The
gaps between the rotor teeth make the reluctance of the
magnetic circuit dependent on the position of the rotor.
The flux from the magnet therefore varies periodically
as the motor turns. Since a ‘Ticonal’ magnet is a solid
piece of electrically conducting material, the flux varia-
tions will set up eddy currents in the magnet, at a fre-
quency of six times the number of revolutions per
second of the motor. The Joule heating due to the eddy
currents introduces a relatively large extra loss torque.

Unaligned ferroxdure can be made in various forms
with quite small dimensional tolerances. For example,
it can be made in the form of a ring, which is very suit-
able for these motors; however, unaligned ferrox-
dure is not so useful because of its low remanence,
which means that the rotor and magnet have to be
made relatively large, thus reducing the power-to-
weight ratio of the motor.

Aligned ferroxdure cannot easily be made in the form
of a ring. It therefore has to be used in the motor in the
form of segment magnets ( fig. 7a) or blocks ( fig. 7b):
in the latter case, the flux is conducted to the rotor via

Q

Fig. 7. Cross-section of a motor: @) with ferroxdure segments in
a steel ring, b) with ferroxdure blocks and steel pole pieces.
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the steel pole pieces of the magnet. The version with
segment magnets gives an adequate flux in the rotor,
but it is not easy to attach the magnets. Moreover,
since there are air gaps between the magnets, the rotor
has certain preferential positions, and this effect leads
to vibration and noisy operation. The version with
blocks and steel pole pieces is still used in the motors
of some shavers powered by dry batteries or recharge-
able cells. This motor also has preferential positions so
that vibration and noise cannot be completely avoided.

At the moment, a ring of plastoferrite would seem to
be the best solution. The dimensional accuracy of this
material is very high; the magnet can therefore be used
as part of the motor structure, and the air gap can be
made very small. The magnets are injection-moulded.
During injection, the magnetic particles in the binder
are aligned in a magnetic field. The magnet is thus
already magnetized when it leaves the mould; this
process gives a low spread in the available flux. The
magnetic field in the mould can be shaped in such a
way that the distribution of the magnetization creates
only weakly preferential positions. The flux obtained
in the rotor is in fact nearly as high as that with seg-
ments of aligned ferroxdure, even though plastoferrite
has a lower remanence.

Plastoferrite magnets are relatively cheap. Their
only disadvantage is that they are relatively fragile; the
construction of the motor must be compatible with this
fragility.

Rotor design

The rotor design is based on the specification for the
motor. The supply voltage and the output power will
always be stated here, so that the current 7 will be more
or less fixed. The slope of the torque-speed curve is
also often specified. This is connected with the voltage
IR across the rotor resistance: the slope increases with
decreasing R. The copper losses 72R in the rotor are of
importance for the efficiency and the heat dissipation in
the motor, which again is generally laid down in the
specification. It follows that most of the requirements
placed on the motor amount to a specification of the
maximum permissible value of the diametral rotor
resistance R.

A simplified description will now be given [2] of a
procedure that starts from this value of the diametral
rotor resistance, and determines the rotor dimensions
for minimum motor volume; these correspond approx-
imately to the minimum iron losses. The first step is to
express the diametral rotor resistance in terms of the
rotor dimensions.

The resistance R is the resultant of the parallel com-
bination of two rotor paths, one consisting of one coil
of resistance R; and the other of two coils in series with
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a total resistance of 2Ry; it follows that R = 2R;. Each
rotor coil has N/3 turns of average length .s. If the
resistivity of the copper is ¢ and the cross-sectional area
of the wire g, it follows that
=20 22)
9%

Of the total cross-sectional area of the rotor (see
fig. 2), only the part 4 is available for the coil windings.
Of this, only a fraction f4 is available for the copper
core of the wires (2Ng for the rotor as a whole), since
space is also required for the insulation, etc.; fis the
space factor. With the aid of these data, ¢ can be
expressed in terms of the rotor dimensions if N is
known. The number of turns N also depends on the
specified supply voltage V, the reference speed np men-
tioned earlier and the magnetic flux & through one
tooth of the rotor:

V = 2noND. 11
R can therefore be written:
pe
= Qs = . (23)
9f Anp2d2

It now remains to express s, A and @ in terms of the
rotor dimensions, which requires a closer look at the
shape of the rotor teeth. Each tooth has straight paral-
lel edges, and if we call the width of a tooth 4 and the
length of the rotor /, then the iron cross-section of a
tooth is b/; we may thus write for the flux:

& = biB, 249

where B is the maximum flux density in the rotor tooth.
The average length s of a turn is 26 4+ 2/ + 4c¢; b and /
are the lengths of the straight sections, and c the length
of a curved section. The area A available for the wind-
ings in the total cross-sectional area of the rotor de-
creases as the tooth width b increases. The total cross-
sectional area of the rotor is 37zd?2, where d is the rotor
diameter; A is a fraction of this area which decreases
with increasing b as a function o of b/d:
T

A= 2 d2q (b/d). (25)
Making use of the ekpressions for s, A and &, we
can write for the resistance: -

2
R=___HV_ (26)

[2] A detailed description of the dimensioning of the rotor of a
commutator motor is given in R. H. Dijken, Optimization of
small AC series commutator motors, thesis, Eindhoven 1971
(also published -as Philips Res. Repts. Suppl. 1971, No. 6). .
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The third factor in this expression contains the rotor
dimensions. It is these that we are interested in; we
bring the most important dimension, the rotor diam-
eter d, to the left-hand side of the equation, and
normalize the other rotor dimensions in terms of d:

b= fd, I = Ad, 27
We then obtain:

5__8 e f+i+2y 1 &
"~ 9m fB? 22 B2a(B) n® R’

This expression is grouped in such a way as to permit
the effect of the various parameters to be easily distin-
guished. The first factor is a constant, the second con-
tains material properties (¢ and B) and reflects the
manufacturing method used (f). The third factor
includes g - 2y. It is found that, owing to changes in
the shape of the rotor, ¥ decreases as § increases, so
that § 4+ 2y remains fairly constant. The third factor
thus mainly reflects the effect of A. The fourth factor
reflects the effect of 8, and the fifth factor indicates the
performance required of the motor.

The variation of the required rotor volume with j
and A can easily be derived from (28). If 4 is kept con-
stant the rotor volume is proportional to ¢3. The third
factor in expression (28) is then practically constant;
the variation of the fourth factor with f§ is such that 45,
and hence also d3, goes to a minimum at a value of f
of about 0.45 (see fig. 8). This is the optimum value for
small rotor volume; if the thickness of the insulation in
the rotor slot is also taken into consideration, the op-
timum value of g is found to be a little smaller (about
0.40). In most existing small d.c. motors with three
teeth, the value of § is less than 0.15, well away from the
optimum. )

If on the other hand f is kept constant and 2 varied,
the required rotor volume is proportional to d34. It
follows from (28) that this quantity has a minimum at
A= (B + 29)/2 (see fig.9). The minimum becomes
more pronounced as § + 2y decreases.

For a rotor with three teeth, § - 2y has a value of
0.4 to 0.6. The corresponding optimum value of 1 is
thus 0.2 to 0.3. If the rotor has more than three teeth,
the length of the coil ends must be given by another
quantity, since the coils are wound in a different way;
the value of this quantity is about 1, and the optimum
value of 1 is then about 0.5.

With a three-toothed rotor, for which § + 2y there-
fore has the lowest value, it is particularly important to
choose the optimum value of A. In existing small d.c.
motors, A is generally between 0.5 and 2 — i.e. far
above the optimum range of 0.2 to 0.3. Our optimum
dimensioning method gives rotors that are shorter and
have a larger diameter than is usual.

¢ = vd.

(28)

R. H. DIJKEN
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Fig. 8. The required rotor volume (proportional to the third
power of the diameter d) has a minimum at a certain ratio B of
tooth width to rotor diameter. The ratio of rotor length to rotor
diameter is assumed to be constant.
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Fig. 9. The required rotor volume (proportional to d31) as a
function of the ratio A of length to diameter. There is a minimum
at A = (8 + 2y)/2; y is a measure of the length of the curved
portions of a winding.

Design limitations

In practice, there may be limitations on the design that make
it impossible to apply the optimum dimensioning described here.
Certain dimensions are often limited by the nature of the applica-
tion. For example, the external diameter of the motor shown in
fig. 1 could not exceed 26 mm in connection with its application
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in toothbrushes and certain shavers. This diameter had to include
a 1.5-mm steel outer sheath to complete the magnetic circuit, a
plastoferrite ring which had to be 2.8 mm thick (partly for
mechanical strength) and an air gap of 0.3 mm; this left no more
than 16.8 mm for the rotor diameter.

Besides the dimensional limitations of this kind, there is also a
general limitation connected with the available flux of the magnet.
In general, it is desirable to magnetize the rotor teeth to satura-
tion, i.e. to about 1.5 teslas. To produce this magnetic flux density
in rotor teeth with optimum dimensions (8 = 0.4 and A = 0.25),
the remanence of the magnet material must be at Jeast 0.4 T,
which is appreciably more than can now be obtained with plasto-
ferrite (about 0.25 T).

As a result of the two limitations mentioned above, it is impos-
sible to give the rotor the theoretical minimum volume. This is
also the case with the motor of fig. 1, but a step in the right direc-
tion has been taken here by giving # the maximum value per-
mitted by the magnet, which was 0.22 as compared with less than
0.15 for most comparable motors.

The rotor volume required could only be obtained by making
the length-to-diameter ratio of the rotor greater than the optimum
value, since the diameter was fixed. The length of the rotor was
set at 10 mm. The stator magnet was also made longer than the
rotor; it projected 6 mm at each end, so that an appreciable flux
was also provided by the projections. In this motor, A = 0.6
(twice the optimum value from fig. 9 for 8 4 2y = 0.6).

In a version of this motor designed for a 4.8-V supply, G = 0.04;
this means a maximum efficiency of 64 % for a = 4 (see fig. 5); a
power of more than 1 watt is delivered at 6500 rev/min. If the
maximum permissible diameter and the available magnetic mat-
erial had not set certain limitations, it would have been possible
to develop a motor optimized to the theory described in this
article. A number of characteristics of the actual and optimum
motors are compared in Table 1.
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Table I. Comparison of the motor of fig. I, whose design was
subject to certain restrictions, and an optimum design.

. Actual Optimum
Quantity motor motor
Rotor diameter 16.8 mm 18 mm
Stack height of rotor laminations 10 mm 5.4 mm

0.6 0.3
p 0.22 0.4
Height of coil end 3 mm 1.5 mm
Rotor length, including coil ends 18 mm 10.4 mm
Remanence of magnet material 025T 04T
Projecting length of magnet ring 6 mm 6 mm
Magnet length 22 mm 16.4 mm
Total motor length 31 mm 23.4 mm
Total motor diameter 26 mm 27.2 mm
Rotor volume 16.5 cm? 13.6 cm?®

Summary. More than a hundred million small d.c. commutator
motors are produced every year throughout the world. The most
important point in the design of such motors is often the efficiency,
since they are generally battery-powered. The efficiency can be
expressed by means of two dimensionless parameters, whose values
depend on the motor characteristics and on the torque required
by the load. The speed as a function of the torque is also given by
these two parameters. Two important aspects of the design are
the choice of the magnetic material for the stator and of the rotor
dimensions. Optimum dimensioning can be obtained by making
the motor as small as possible without adversely affecting the
efficiency; the rotor is then shorter than usual for a given diam-
eter, and has wider teeth.
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Applications of stepping motors

A stepping motor responds to a current pulse with a
small, well defined angular rotation [11. In this way
digital information — the number of pulses in a pulse
train — is converted into a proportional mechanical
displacement. A stepping motor is therefore a useful

The pulses for the stepping motor are produced by a
stabilized oscillator with a unijunction transistor. The
frequency of this oscillator, and hence the piston speed,
is continuously variable over a decade. The frequency
can also be divided twice by 10 in a divider, giving a

Fig. 1. ‘Precidor’ infusion pump, type 5003, made by Infors. Leftr: mechanism with Philips
ID 04 stepping motor; right: the case. The motor drives a lead-screw, which transmits a
linear motion to the piston of a syringe (not shown in the photograph). (Photo Infors AG,

Binningen, Switzerland.)

device for coupling digital data processing with machine
tools. Since it accurately reproduces angular rotations,
it can be used in open control systems, i.e. systems with-
out feedback. The speed can be adjusted over a wide
range.

Stepping motors have many and various applications.
Three typical examples are given here, in which the
motor speed is required to be accurately proportional
to the number of pulses supplied per second. The first
two examples relate to the controlled supply of liquids.
The third relates to the slide movement for a numerically
controlled machine tool; accurate positioning of the
workpiece is also necessary in this application.

The ‘Precidor” infusion pump made by Infors AG of
Binningen, Switzerland ( fig. /) is used for the accurate
dosing of prolonged infusions in medical treatment.
The stepping motor (Philips ID 04) drives a lead-screw,
which converts the rotary movement into a slcw linear
movement of the piston in a syringe. Syringes of dif-
ferent sizes can be fitted to the machine, including the
sterile-packed disposable syringes now in common use,

(11 See E. M. H. Kamerbeek, Electric motors, Philips tech. Rev.
33, 215-234, 1973.

e S
2ot

Fig. 2. Dose pump made by Bircher. A star-section rotor with
pressure rollers squeezes a silicone-rubber tube as it rotates,
forcing the fluid along the tube. The drive is provided by a
Philips ID 06 stepping motor. (Photo Max Bircher Ingenieur,
Schaffhausen, Switzerland.)
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range of piston speeds from 0.0l mm to 10 mm per
minute. The piston speed can be read off from a
moving-coil meter controlled by a pulse counter.

The dose pump made by Bircher (Schaffhausen,
Switzerland) has a similar function ( fig. 2). A stepping
motor (Philips ID 06) drives a star-section rotor with
pressure rollers. When the rotor rotates, the rollers
squeeze a silicone-rubber tube, forcirg the liquid along
it. As in the Infors infusion pump, there is no control
feedback. The pump has a dosing accuracy of about
29, and a wide flow range (7 cm? to 1000 ¢cm3 an hour).
The dose pump is used in laboratories, in the chemical
and pharmaceutical industries and in hospital intensive-
care units.

Fig. 3 shows a numerically controlled vertical milling
machine made by Terco AB of Skirholmen (Sweden).
Three stepping motors (Philips PD 20) displace the
slide in three perpendicular directions. The drive unit,
on the right, provides the stator coils with currents that
correspond to the control input, and ensures that the
motors deliver a constant torque. The control signals
come from a punched-tape reader and a recording unit
(not shown). The position of the stepping motors is
monitored by optical sensors; their output signal is fed
back to the input — in a closed-loop control system —
and also supplies the data for a digital read-out of the
position of the workpiece. Each stepping motor is
coupled to a 50 : 1 reduction gear that drives a lead-
screw for the slide displacement. The workpiece speed
(the ‘feed’) can be adjusted in all directions in 10 steps

STEPPING MOTORS

Fig. 3. Numerically controlled vertical milling machine, made
by Terco. with drive unit. Three stepping motors (Philips PD 20)
displace the workpiece along the x-, y- and z-axes. (Photo Terco
AB, Skiirholmen, Sweden.)

between 0.5 mm/s and 0.05 mm/s. For a workpiece
displacement of 50 mm the maximum position error
is -+ 0.02 mm. The whole system was specially designed
for industrial training courses.
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“Steady-state performance of a class of
electronically commutated d.c. machines

W. Radziwill

Introduction

In convent10nal d.c. machines the time during which
the commutated armature windings are short-circuited
is determined by the relative dimensions of the brushes
and the commutator segments; it varies only with
the rotor speed. With electronically commutated
machines 1), however, the short-circuit time can be
varied by control of the semiconductor switches. In
addition, the current can also be interrupted period-
ically in this way, so that new and interesting possi-
bilities become available for controlling the speed and
torque (21 [3], Such control methods are of course more
easily applied if a theory is available that gives a satis-
factory description of the behaviour of the machine in
this kind of operation.

In the case of periodic interruption of the current the
behaviour of the machine can only be treated numeri-
cally. If the current is not interrupted but only the short-
circuit time is controlled, it is still possible to obtain
expressions in closed form for the torque, the input
power and the output power. Moreover, the efficiency
can be determined by a simple graphical procedure.

These expressions and quantities will be derived for
d.c. machines satisfying the following three conditions:
— The excitation flux is constant with time (e.g. per-
manent-magnet rotor) and the flux linkage with the
armature winding varies sinusoidally with the angular
position of the rotor.

— The stator winding is divided into m phases with
an identical number of turns and each phase is con-
nected to the supply voltage via four controlled
switches, as shown in fig. 1.

— The switches are only allowed to take up the com-
binations shown in Table I. The time mterval I is
identical to Iz and Is is identical to Is.

The theory derived for these machines can also be
used to give a first approximation in the more general
case with periodic interruption of the current (21 [3],

Considerable simplification is obtained by con-
fining the investigation to steady-state operation — i.e.
with only gradual changes of load and disregarding
acceleration transients: the angular velocity can then
be taken as constant over a switching period /1-I4 and
the machine always rotates at such a speed ‘that the
period of the- voltage induced in the windings by the

Dipl.-Ing. W. Radziwill is with Philips Forschungslabomtormm
Aachen GmbH, Aachen, West Germany.
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Fig. 1. Schematic circuit diagram for one phase winding of an
electronically commutated d.c. machine. V3, supply voltage.
vpn voltage across phase winding. ipn armature current in phase
winding. .S electronically controlled switches.

permanent magnet coincides exactly with the switching
period mentioned above — a situation necessarily im-
posed by the conventional commutator but which need
not be so with the more general control available with
electronic commutation.

First of all, the differential equation describing the
voltage equilibrium for one phase will be solved for the
armature current. The resulting expression will then be
used to describe the power balance of the machine and
to derive its speed-torque characteristic.

It will be shown that higher harmonics of armature
voltage and current do not contribute to the mechanical
output power. The steady-state behaviour of this class
of machines can therefore be represented by locus dia-
grams of the vector symbolizing the fundamental of the
armature current in the complex plane. It will also be
shown that losses due to higher harmonics are independ-
ent of special machine parameters, so that a general
plot of these loss functions can be used in combination
with the locus diagrams to provide a quick and simple
evaluation of the motor efficiency.

Table L. Positions of the four switches S13-S24 in fig. 1 during
the four successive adjacent time intervals I1-Is of each rota-
tion of the rotor over two pole-pitches.

Iy Iz I3 I4
S13 on on off off
S14 on . off off on
Ses off . off on on
Sz off on on off
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The armature current

To calculate the torque and the power as a function
of the speed of rotation it is first necessary to know the
armature current as a function of angular position over
one pole pitch. In the derivation of this current we shall
assume that the magnetic saturation can always be
neglected. It is further assumed that the mutual induct-
ance between the stator phases is zero (in two-phase
machines) or negligibly small (the reluctance of the
magnetic circuit is high because of the low permeability
of the permanent-magnet rotor).

Under the conditions imposed earlier we then have
the simple equivalent circuit shown in fig. 2. R and L
are the resistance and the inductance per phase and
e, vpn and ipn are the instantaneous values of the
induced voltage (or back e.m.f.), the applied voltage
(via the switches) and the armature current, respectively
(see fig. 1). .

If N@ is the peak value of the flux of the permanent
magnet linked by a phase winding, p the number of
pole pairs and x the instantaneous electrical angular
displacement of the rotor (x/p is the actual physical
angular displacement), then we can write the sinusoidal
change of the linked flux as

N® = —N® cos (x — b), €))

where b is a phase displacement that will be defined

im R L

+ +
Vph J—HD

Fig. 2. Equivalent circuit of a stator phase. e induced voltage
(or back e.m.f.). R resistance. L inductance.

wh@ AN
Voh,€ / N
ph» g / b \\
b oLz \ |
0/6 . om-y o \\ 27r//
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N~

Fig. 3. The voltage vpn across a phase winding and the induced
voltage e as functions of the electrical phase angle x. & phase
angle. § phase difference between the induced voltage and the
fundamental of the supply voltage. w angular frequency.
N® maximum linked flux. ‘
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later. Using the relation between the speed of rotation n
and the electrical angular frequency

w = X = 2mpn, 2

and applying the induction law, we can obtain the
induced voltage
dND .
e= —— %= oN® sin(x — b). 3
dx

The waveform of the armature voltage vpy follows
from Table I and fig. 1. The relationship between the
induced voltage e and the armature voltage vpy, is shown
in fig. 3. The phase displacement b is fixed by the
adjustment of the electronic commutator and can in
principle have any value. The angle ¥ during which the
armature voltage remains ‘on’ must lie between 0 and 7;
by varying y within these limits the machine can be
controlled.

To obtain an expression for the armature current ipy
we now solve the linear differential equation describing
the circuit of fig. 2. Since L dipn/dt = L% dipn/dx, the
time ¢ can be eliminated and the equation written in a
form dependent only on the angular displacement x:

dipn

L
4

_x— + Riph = Uph — (DN@ Sln(x —_ b). (4)

To bring this equation to the most general form we
introduce the dimensionless quantities

v=ovm/Vo,  y=im/(H/R) (3
and the constant coeflicients .
a = wL/R, ¢ = NO|(LVy/R). (6)
The equation then becomes:
ay’ 4+ y = v(x) — ac sin (x — b). N
In accordance with fig. 3, v(x) is now defined as:

0 for 0O<x<<o—y
o(x) = @®

1 form—y<x<nm
with the symmetry condition:

v(x) = —v(x + =). ©®

1] The principle of these motors has been described in E. M. H.
Kamerbeek, Electric motors, Philips tech. Rev. 33, 215-234,
1973. However, in the motors discussed in that article the
current can only be switched on and off, not reversed.

[2] 'W. Radziwill, A highly efficient small brushless d.c. motor,

Philips tech. Rev. 30, 7-12, 1969.
W. Radziwill, Theorie des Betriebsverhaltens kleiner elek-
tronisch kommutierter Gleichstrommaschinen mit Drehzahl-
regelung durch Variation der Pulsbreite und Pulsphase der
Ankerspannung, Ingenieur 84, E 41-49,°1972. ~ °

(31 W. Radziwill, Elektronische. Kommutierung bei kleinen
permanentmagnetisch erregten Gleichstrommaschinen, in:
Philips — Unsere Forschung in Deutschland, Part II,
Aachen/Hamburg 1972, pp. 238-244. . .
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Solving (7), e.g. by Laplace transforms, we obtain the normalized armature
current per phase:

exp(—y/a) — 1 exp(—x/a)

—_— for 0 LKmT—y.
T exp(—n/a) or < x<<m—y

YT + 2 finz—B)—acos(r B} + — 1+ exp{—(z—)/a} exp{—(x— = + y)/a}
1 + exp(—n/a)
forn—y<x<zm (10)
We are now in a position t6 derive expressions for the input power, the output
power and the torque.
Power balance
If '(4) is multiplied by ipn the power balance per phase is obtained. The first
term is evidently the reactive power, the second the losses, the third the input
- power and the fourth the output power. The total mean power is obtained by
taking the mean over a half-period and multiplying this by the number of -
phases m. The first term then vanishes and for the input power we find:
m . mWy [,
Py=— 'Upnlphdx = -—
7 T .
0 -y —y
and for the output power:
m mVy2 ac
Py=— [zpth([) sin(x —b)dx = e = y sin(x — b)dx.
7 R =
0 0
Substituting (10) for the normalized armature current y and putting
7 — y ‘
p= " — an
to simplify the expressions, we have finally:
mVp2 (y a 1—exp(—y/a) + exp{—(w —y)/a} —exp(—n/a) 2
Pi=-——q¢——- sn 2 cos s 12
p= 9l —— o (o) in(/2) T (cos p + asin ), (12)
2 V2 ac c
Py = —m— sin(y/2 cos f —a(sin 13
o=~m— (y/)lJra2 B—afsi /3+4m(y/2)) (13)

Differentiating (13) with respect to the independent
quantities ¢ and f gives the maximum output:

2m Vp? |
Pom = P 7 sin2(y/2),

(14)
which can be obtained for @ = —tan f provided that
the condition ¢ = —(2/7)sin(y/2)/sin § is satisfied by
suitable adjustment of the machine parameters. This
is in general-not to be recommended since — as will
appear later — the efficiency obtained in this case is
not very high. Nevertheless it is advxsable to show the
'essentlal relatlons more clearly, to normalize all the
powers with respect to Pom. The normahzed output

power is then

P P, _nccosﬂ a 1 a (15)
7 Pom sin(y/2) 14+ a2 @)’
with
a0 = °°S’3 (16)
c
b+ 2 mon

It will be useful before going further to comment on
the significance of the various parameters. As can be
seen from (11) and fig. 3, § is the phase difference
between the induced voltage e and the fundamental of
the pulse voltage vpn. Provided y is not varied, § has
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a constant value given by the setting of the electronic
commutator, equivalent to the brush displacement in a
conventional commutator machine. (If the machine
were to be used without a commutator as a synchronous
machine, supplied by an a.c. voltage of fixed frequency,
so that it ran at a fixed speed, then g would be variable,
denoting the load angle between the a.c. supply voltage
and the induced voltage.) When the motor is run as a
d.c. machine the quantity ¢ is the load-dependent
variable [3],

As can be seen immediately from (2) and (6), a can
be regarded as a normalized speed of rotation:

‘n
o E/27tpL )

This may be positive or negative, depending on the
direction of rotation. The important machine constant
¢, as equation (6) shows, gives the ratio of the peak
rotor flux linked by a phase winding to the flux pro-
duced in the phase winding by the current Vy/R. It is
always positive, since any reversal of the voltage Vp
can be dealt with mathematically not by a negative sign
for ¥ but by substituting f 4 7 for § instead.

A further study of the expression (15) for the normalized out-
put power enables the speeds to be found at which the machine
operates as a motor (Pon > 0) and at which it operates as a
generator (Pon < 0). ’

If ao s 0, there are two values of a for which (15) is zero:
a = 0 and a = ao. The condition dPon/da = 0 then yields two
speeds at which the normalized power is at a turning point.
These speeds are

ape1 = tan(} arctanag) and apee = tan(3 arctan ap— 7/2).
The turning point is

7 ccos ﬂ
2 sin (y/2)

Evidently ape1 lies in the interval [0,a0); ape2 has the opposite
sign and is only reached when the direction of rotation is
reversed. At the value of ape for which (cos f)/ape > 0, Pon,e
is a maximum. This follows from the negative sign of d2Pon/da®
at a = ape. The behaviour of Pon as a function of speed is also
characterized by three points of inflexion at

Pon,e

a = —tan(} arccot ap) and a = —tan(3 arccot ap + 7/3),

where d2Pg,/da? = 0. Outside the region in which these speeds
lie, the output power converges monotonically, for positive and
negative a, from different sides to the limiting value

nc cos f e c
20 Sn@R)  smeR) (S"‘ B+3 W)

lim Pop = —
la] - w

To illustrate this Pon is plotted in fig. 4 as a function of a for
three cases.

The following conclusions can be drawn from the information
already given. If the power has a maximum at ape1, the machine
operates as a motor in the interval [0,a0]; outside this interval
it operates as a generator. In this case ao is the no-load speed
(fig. 4a). If the power has a2 minimum at ape1 the situation is
reversed: in the interval [0,a0] the machine acts as a generator
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and outside it as a motor. Of the two motor regions in this case,
only the one adjacent to @ = 0, where the direction of rotation is
opposite to that in the range (0,a0), is of any technical interest.
Since the power has a maximum here at ape2 but there is no speed
at which the power is zero, there is no no-load speed and the
motor ‘runs away’ if the load is removed (fig. 4b).

Finally, let us consider the special case ag = 0, for which
equation (16) shows that f# = + #/2. The normalized output
power here is

a? 7TC c

e e (0 3w

At f = +m/2, the machine evidently cannot operate as a motor
since the two zero points and the maximum coincide at the origin
and Pon is negative for all other values of a. At 8 = —/2, the
machine again functions only as a generator unless also

Pop =—

T_°
4 sin(y/2)

c =é
'?2750°
4 7 6
e ¢}
c=03
..._300
1 =150°
7 -
& AT 2 % 6
_7 -
c=03
- _900
f; 150°
_ I
c L 1 L 1 1 ]
- -6 -4 -2 @ 2 4 6
.;7 R

Fig. 4. Curves showing the normalized output power Py, as a
function of the normalized speed a, for three different com-
binations of f and ¢; in all cases ¥ = 150°. The dashed line
is the asymptote. @) The machine can function as a motor at
speeds between zero and the no-load speed ao. &) The machine
functions as a motor at speeds a > 0 and can ‘run away’. ¢) The
special case f = —n/2. For the given values of ¢ and y the
machine functions as a motor at all speeds and in both diréc-
tions; the starting torque, however, is zero.
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In this case the two 'zero points coincide with the minimum
(fig. 4c). The machine does indeed operate then as a motor at
all values of a, but is of no real interest because the starting
torque is zero, as will appear below.

Torque-speed characteristics

The torque T is found by takmg the derlvatlve of the
mechanical work [P, d¢ with respect to the angle of
rotation x/p:

Substituting from (13) and normalizing with respect to
the maximum value that the expression could assume
at the speed a = 0, if § and y were variable,
2 14
Tom = =~ pm — N®, 17
TT R
which is the maximum starting torque, we obtain the
normalized torque

T  sin(y/2)cos § <1 _a
a

From (15) and (18) a simple relation between Th and
the normalized power can be obtained:

T T
= Tha
sin2(yp/2) "

The machine therefore operates as a motor if Tha > 0.
This means that the characteristic curves of Ty as a
function of a lie in the first and the third quadrants for
operation as a motor, and in the second and fourth
quadrants for operation as a generator.

Fig. 5 shows some typical examples of such curves;
these examples all refer to motors developed and tested
at PFA. It can be seen immediately that the charac-
teristic of a shunt-wound machine ought not to be ex-
pected automatically, even though itwould seem obvious
in the case of a machine with a constant magnetic excita-
tion [6], Indeed, curve 4 would be typical for a series-
wound motor; it represents the case mentioned earlier
of a motor that can ‘run away’ and thus where ag is
not the no-load speed.

) Expression (18) for the normalized torque is zero, in the case
just referred to, only for the single value @ = ao. It has two
turning points, at

are1 = —tan(% arccot ao)

and
arez = —tan(} arccot ap— 7/2).

The turning point is a maximum if the following conditions are
satisfied:

cosf>0 and lare <1,
or cosf<0 and J|are] > 1,
or f=-n/2 and are=1,
or B=m/2 and ape =—1.
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In addition there are generally three points of inflexion at
a = tan(} arctan @) and a = tan(¥ arctanao + %) and a
limiting value lim Th = 0.

|al—>e0

In practice it is chiefly the decreasing portions of the
curves that are of importance, since stable steady-state
operation is possible only at working points where
dTn/da is negative. This is because the demand for
more power when the load suddenly increases slightly
causes a drop in speed, since it has to be temporarily
supplied from the kinetic energy of rotation, which
implies that a new equilibrium can be set up only when
the lower speed corresponds to an increased torque.

The stability condition d7n/da < 0 must also be
satisfied at the no-load speed ap. From this it follows
that ag is the no-load speed only when

c
inf + 4 si n(y/2)

In this case the maximum of the torque must lie
in the second quadrant and the minimum in the
fourth quadrant. If the condition is not satisfied, we
have a machine that can ‘run away’, with the maxi-
mum lying in the first quadrant and the minimum
in the third quadrant. Between the starting torque
To = sin(y/2) cos B and the maximum there is a region
of instability; this is however of little importance if
the motor can be started with a load that is less than
the starting torque.

120°( 0.28
120°| 0.86
120°| 4.55
120°)-4.31

Fig. 5. Normalized torque-speed characteristics. Curve I refers
to the'motor in the horizon sensor of the Netherlands astronom-
ical satellite ANS 4], Curve 2 refers to the attitude-control
motors in the ANS 51, Curve 3 relates to an experimental motor
for a tape recorder (Vpy =9 V, N® = 5.7 mWb, R =102 Q,
L = 15 mH), and curve 4 to a motor that can ‘run away’, for
which the starting torque is less than the maximum torque.
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It can now be seen why the possibility mentioned above
of motor operation at all speeds when B = —n/2 and
% mefsin(y/2) < 1 is of no interest. In this case, from (18) and
(16): Tn = {sin(y/2) — dzc}a/(1 + a%). This expression is zero
for a = 0 and also has a positive slope in the neighbourhood
of this point. Such a machine is thus initially unstable when
starting from rest in either direction.

In addition, it has no finite no-load speed. On the other
hand it is possible to think of practical applications for a machine
working only as a generator at |8 = #/2, and producing a
braking torque proportional to the speed in the neighbourhood
of the zero.

Losses due to higher harmonics

If the losses of the machine are simply taken as the
difference P; — P, of (12) and (13) and the efficiency
as the ratio- Po/P;, the expressions obtained are very

14
=2 % cosasin(x—b—ﬂ—“)—n

where
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complicated and it is difficult to see how these impor-
tant quantities depend on the parameters of interest.
It is possible, however, to split the losses into those due
entirely to the higher harmonics and independent of the
machine parameters § and ¢, and those due to the fun-
damental and dependent on the machine parameters.
The r.m.s. value of the fundamental of vyy is given by:

V= 2ﬂ£ Vo sin(y/2). (19)

In the differential equation (4), we can now introduce
the fundamental

v1= )2 Vsin(x — b — f) (20)

instead of vpn, and /; instead of ipp. We then find the
solution for the fundamental component of the current:

7 le/z) sinasin(x—b—a)b, 2n

o = arctan a. (22)

The contribution to the input power from the fundamental components of

voltage and current is then:

T

m 4 Pom T ac :
Ps1 = — hdx= — l—— ——(c asin . 23
11 n/vlll x l—l—azg 4sin(y/2)(osﬂ+ ﬂ)g (23)
0 '
If this is subtracted from the total input power (12) and the result is divided
by the maximum output power (14), we obtain the normalized losses due to
the higher harmonics:
Py—Py n 1 —exp(—y/a) + exp{—(w—y)/a} —exp(-n/a) 4
Py = = - y— — .29
Pom 2 sin2(y/2) 1 4 exp(—mn/a) 1 a2
This can also be expressed as a series:
4 v 1 sin¥{@n + Dy2
sin?{(2n + 1)y/2} (242)

P = sin?(y/2) L2 @n+ 12 1+ 2n + 172

It is not immediately obvious that these two expressions
are identical. The expression (24a) is obtained by ex-
panding ipn = (Vv/R)y as a Fourier series, where y is
given by (10), and then solving

1 1
Pom @

/(iph — il)szx .
0

Fig. 6 shows Pp, plotted against the normalized
speed a for various values of y. The losses are a
minimum at yept, a quantity shown in fig. 7 as a
function of a. The curve of yopt is obtained by com-

puting the minimum of Py, numerically from the rela-
tion dPnn/dy = 0. Since yopt only varies over a small
range, a fixed value of y in this range gives an adequate
approximation to the minimum losses from the higher
harmonics for all speeds. ‘

41 P. van Dijk, The optical sensors of the Netherlands astronom-
ical satellite (ANS), II. The horizon sensor, Philips tech.
Rev. 34, 213-217, 1974 (No. 8).

51 J. Crucq, The reaction wheels of the Netherlands satellite
ANS, Philips tech. Rev. 34, 106-111, 1974 (No. 4).

[0l See E. M. H. Kamerbeek, Electric motors, Philips tech. Rev.
33, 215-234, 1973. ) )

va
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Locus diagram of the fundamental component of the
current in the complex plane

If the contribution to the output power P, from the
fundamental of the armature current is determined, the
expression (13) is again obtained. This result indicates
that the higher harmonics of the current ipnh and of the
voltage vpn make no contribution to the output power;
it is not surprising, since the induced voltage is purely
sinusoidal and only those harmonics of ipnh and e that
are of the same frequency can make a contribution to
the mean value

n

1
- /eiphdx.
T

Apart from the losses, therefore, the machine behaves

as if it were driven by a purely sinusoidal a.c. voltage.
For the description of its speed-dependent behaviour

0 0% 05 075 10 125 15

—_—

Fig. 6. The losses Pun (normalized) that arise at higher harmonics
as functions of the (normalized) speed g, for various values of
the switching angle y. The curve for yopt represents the theoretical
minimum losses; popt is itself a function of a (see fig. 7).

134°}
. Por 132°
130°
128°F

126°-

[+] L Y A 4 I I} I
124 0 05 10 15 20 25 30 35 40

—

Fig. 7. The switching angle yopt for which the losses due to
higher harmonics are a minimum. The angle pops does not vary
much with the (normalized) speed a.
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it is therefore convenient to use locus diagrams of the
position vector representing the fundamental of the
current in the complex plane [7], In this approach v
and 7y are taken to be the imaginary parts of the com-
plex quantities :

o1 =Im{y2 Vexpix—b—B)},
i =Im{y2 I expj(x—b—f)}.

Here V and I are the complex r.m.s. values of the
fundamentals of voltage and current:

(25)
(26)

V= "Vexpjo, @27

which is real by definition, and

14 . 7
I= Eg cos aexp(—jo)— -

c . .
Z5n072) sinaexpj(f— oc)%.

(28)

If cos « and sin & in (28) are expressed by means of
complex conjugates and the expression is normalized
with respect to V/R, we have the desired locus diagram
of the complex current for varying o:

1 1 =

Z=; ___|__

_ c . 7
VIR 2 Bsnp) T J<’3 +§> +

1+n c . 7 i 29
" ?5 5@“‘”(’3'5)2“”_] > @

This is a circle with centre at

4 (4 T

1 . c
(5__8 o M 3 daom o F )

and of radius

1 = ¢ N (m ¢ 2)1/2
g(fﬁsin(ym inf ) + (E o F )% '

Since, from (27), V is real, the real part Ya of the
normalized current (Y = Y, + jYr) is the active com-
ponent, and the imagﬂlary part the reactive component
of the current. The curves of constant power in the
complex plane can now be determined very simply from
the well known relations:

Pil = anIa and Po = Pil—m(la,z + IrZ)R. (30)

If these expressions are normalized to Pom = mV?3/4R
(see (14) and (19)), so that

Piin = Pi1/Pom and Pon = Po[Pom,  (31)
then for the curves of constant normalized power:
Ya=1%Pan and (Ya—%$?+ Y22 =31 —Pon). (32)

The input power from the fundamental component is
thus constant on lines running parallel to the imaginary
axis; the curves of constant output power are concentric
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circles with the point (4,0) as centre. The circle repre-
senting the maximum power Pon = 1 coincides with
this point since its radius is zero. The no-load power
Pon = 0, and also the output power at rest (¢ = 0),
both lie on the circle of radius %.

Im

Fig. 8. Locus diagram of the quantity Y in the complex plane;
Y is the normalized r.m.s. value of the fundamental component
of the current. The working point P describes the semicircle
from (1,0) to Q as the normalized speed a runs from 0 to co.
This speed @ = tan o« can be read off the scale. This curve
refers to the same motor as curve 4 in fig. 5.

Iff‘; R=08 16 .24 32 40
05 =043
| A
03 _ \
02 ’E&\\
0.1 <\
0 .4\_\}&6 08 i —Re
-01 2y
-02 ] o4
-03 M—] /0\?
-04 ] <
- 05 R |0-5
0.50
(%)
Qs
Q9
o

’ Fig. 9. Plot of Y for a motor designed for a tape recbrder (see
fig. 5, curve 3). ’
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Since the relations (32) contain no machine param-
eters their representation by straight lines and circles is
universally applicable. For a given machine it is only
necessary to draw the locus diagram (29). This circle
diagram can be constructed very simply as follows.
The centre M is found by measuring off -a distance
(7/8)c/sin(y/2) along a line starting at (3,0) and at an
angle 8 + z/2 to the real axis. The radius of the circle
is the distance from M to the point (1,0), since in all
cases this point represents locked-rotor operation
(a = a =0), as can easily be seen from (29). Since
on the other hand, ¢ = tan o becomes infinite for
20 = 7, the locus diagram for a > 0 is a semicircle
with the other end at Q (fig. 8).

To give a direct geometrical representation of the
normalized speed 4, a unit length can be measured off
along the straight line starting at @ and passing through
the locked-rotor point (1, 0); the point at unit distance
from Q then forms the zero of a scale for a, constructed
at right angles. Since the angle subtended at the centre
by the chord between the locked-rotor point (1, 0) and
the working point P is 2¢, from (29), the angle sub-
tended at the circumference by the same chord must
be a, by elementary geometry. From this it follows
that a straight line through P and Q intersects the
a scale at a distance tan ¢ = a from the zero.

If Q lies inside the circle Pon = 0, i.e. on a circle
Pon > 0, the machine can ‘run away’ (fig. 8). If Q lies
outside this circle, i.e. at Pon < 0, then the inter-
section of the locus of Y with the circle Pon = 0 is
the no-load point and the corresponding speed is
the no-load speed ap (fig. 9).

In this case it is frequently sufficient to measure the
unit distance not from the point Q but from a closer
point on the circumference. This is done in fig. 10.
The speeds can then be read off for all wdrking points
up to the chosen reference point A, but not for the
points between 4 and Q.

Efficiency

The equations derived above can now be used to give
a simple calculation of the efficiency of the machine at
any working point of the motor region Pon > 0.
From equations (32), the radius of a power circle is
given by:

I‘=% /l—‘Pon.

The normalized output power is therefore Pon= 1 —4r2,

[71 An essentially similar method has also been used by
H. Schemmann for motors with the special characteristics
p=1, m=1, y=mn See H. Schemmann, Wirkungsgrad
von kleinen zweipoligen Gleichstrommotoren: mit - dauer-
magnetischem Laufer, Elektrotechn. Z. A 88, 225-229, 1967.
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For the efficiency we then have immediately:

_ Pm _ 1—4¢
n—Piln"I‘Phn 4Yy + Pnn”

(33)

It is therefore only necessary to measure the distance »
from the working point P to the point (3,0) and the
perpendicular distance Y to the imaginary axis, and
to read off in fig. 5 the losses Pnn due to the higher
harmonics at the corresponding normalized speed a.
For example, for the working point P in fig. 10, we
find the values a = 0.248, Pnn = 0.091, r =0.387,
Ya = 0.114. The efficiency is n = 73.7%.

In fig. 9 the point P corresponds to a speed a = 0.343
and an efficiency of 13.6%. Although such a low
efficiency is hardly liable to produce overheating in
small electric motors with losses of a few watts, this
is of course not a very good working point to choose.
The same output power Pon = 0.44 can also be

+M(0.5;1.773)
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Fig. 10. Plot of Y for the ANS motor (see fig. 5, curve 1).
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achieved at a higher speed a = 1.64 at the point P,
with a much higher efficiency (72.7%). By choosing
appropriate design dimensions or by introducing gear-
ing it is always possible to save energy by operating
the motor at P’ instead of P.

A design criterion

From the shape of the curves Pin = constant and
Pyn = constant it can be seen that the minimum of
Py lies on the real axis between 0 and % for all powers
P on > 0:

Piln,min =2—-2 |/ 1— Pon.

It can also be seen from fig. 6 that Pun falls off ex-
ponentially with increasing a. These two facts are
important in choosing a suitable working point. In the
process of optimizing the design, however, they must
always be considered in combination with other impor-
tant conditions. These can differ considerably, depend-
ing on the application. Besides a high power-to-
volume ratio it could for example be necessary to have
a torque-speed characteristic with a particular slope at
the working point. Such design problems can be solved
with the theory presented here.

(G4

Variation of the short-circuit interval

So far p has been taken as a constant quantity. But
if, as mentioned in the introduction, the short-circuit
interval is to be varied to control the speed or the
torque of such a motor then y would have to be a
variable. Nevertheless, the theory developed so far
remains valid in this case since the treatment has been
confined to steady-state performance: the dynamic
transient effects can then be ignored and it can be as-
sumed that o does not change within a half-period.
Curve (29) is of course no longer a circle but assumes
a more complicated shape depending on the relation
between 9 and a. If this relation is introduced into (17)
and (29), the torque and the locus diagram for Y can
be computed point by point; it is also possible to derive
the curves by interpolation between a number of curves
for fixed values of y.

It is necessary to bear in mind that § in this case is
a function of y (see 11). Since b remains constant,
however, B can be eliminated from the equations of
interest, (18) and (29). We then get:

n . .
To=% T Fa [cosb—cos('y—l—b)—a 35 ¢c—sinb + s1n(y+b)%} , (35
- T c g T c N . 36
Y=1—1 o) exp{—j(¥/2+ b)} + [%-I—E " exp{—j(¥/2 + )}] exp (—j2). (36)
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In the previous treatment the powers and currents have
been normalized to the quantities Pom and V. When
v varies, these also vary. This does not affect the
determination of the efficiency, but must be taken
into account when calculating the actual power or
current.

The control of the switching angle y can be effected
most simply by electronic delay of the control signal
for the switching intervals > and Is (see Table 1), for
example by using a monostable circuit.
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Summary. In electronically commutated d.c. machines the
periodic reversal of the armature current can be controlled
electronically, e.g. by varying the short-circuit time or by inter-
rupting the current. In this article a theory applicable to an
important class of such machines is outlined ; some characteristic
features of this class are that the excitation flux in the stator
coils is sinusoidal and that the electronic control is limited to a
variation of the short-circuit time. For this case the behaviour of
the machine can be set out in expressions in closed form. The
torque-speed characteristics and expressions for the power are
derived; in particular, a very simple graphical procedure is de-
scribed for determining the efficiency from the position of the
current vector in the complex plane and a general plot of the
losses due to higher harmonics.
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Scaling laws for electric motors

E. M. H. Kamerbeek

Economic comparison of different types of motor

In deciding which type of motor to use in a particular
application the economics may be as important as the
engineering. The operating costs, which normally have
to be kept as low as possible, are mainly determined by
the depreciation and the cost of energy, The first re-
quires a low price per kilowatt of rating and a long life,
the second requires a high efficiency.

The relative standing of a given motor type in such
a cost comparison is strongly dependent on the
(mechanical) output power required. Scaling-up is an
advantage for all types, but for some types more than
for others; moreover, each type has its own limitations
on the range of scaling. One fairly general limitation is
the magnetic saturation; this has its greatest effect in
reluctance and hysteresis motors [11, in which it deter-
mines the limit beyond which scaling up is no longer
beneficial. In motors with windings on the stator and
rotor the magnetic saturation is also of significance, but
effective cooling of the windings is a major problem.
In motors with permanent magnets, the demagnet-
ization effect comes into play when the scale is in-
creased. If the permanent magnets are replaced by
superconducting magnets the range of possibilities is
considerably extended, but the high costs only permit
an acceptable price per kilowatt of converted power in
very large systems.

This article will present a very general comparison of
the various types of motor (2], based on two figures of
merit. When certain simplifications are introduced, the
relation between these figures of merit and the various
motor parameters can be expressed in simple formulae.
These formulae also indicate the dependence of the
figures of merit on the dimensions of the motor, and
can therefore be regarded as scaling laws for the various
types of motor.

Two figures of merit

As stated earlier, the user’s main costs in the opera-
tion of a motor are the depreciation and the energy
costs. The annual depreciation is equal to the initial
price K divided by the number of years T over which
the motor is written off. The annual energy costs can
be written in the form BtPq, where f is the energy cost
per kilowatt hour, # is the number of operating hours

Dr Ir E. M. H. Kamerbeelk is with Philips Research Laboratories,
Eindhoven.

per annum and Py is the power loss in kilowatts (this
part of the electrical input power is dissipated in the
motor; the rest is converted into mechanical power,
and is made available at the shaft). The annual costs
of using the motor are therefore:

K
= tPq.
T+l3 a

For simplicity we assume that the initial price of a
motor is proportional to its volume V:

K=aV.

The value of the constant o is not the same for all types
of motor. To compare motors of different power rat-
ings, it is necessary to determine the costs per kilowatt
of output power:

where P is the mechanical output power. The factors
/T and Bt are independent of the dimensions; the
scale dependence is contained in the factors ¥/P and
Py/P. Now let us introduce two figures of merit equal
to the reciprocal of these factors:

P
qe = Py

qL= and

<!

The larger these figures of merit, the lower the motor
costs per kilowatt of converted power. The figure of
merit g1 is equal to the power-to-volume ratio; gz is
related to the efficiency 9 of the motor by the equation
gz = /(1 —n).

Instead of g1 and g2, we can also use the product
g = q1g2 and the ratio A = g1/g2 as figures of merit.
The product g is a (sometimes notional) maximum
electromechanical power per unit volume, as deter-
mined by the electrical, magnetic and mechanical char-
acteristics of the motor, since from the above

pe

q=—>

VP4

Let us consider a d.c. motor with permanent-magnet

{11 An introductory survey is given in E. M. H. Kamerbeek,
Electric motors, Philips tech. Rev. 33, 215-234, 1973.

[21 C. Rioux, Théorie générale comparative des machines électri-
ques établie A partir des équations du champ électromagné-
tique, Rev. gén. Electr. 79, 415-421, 1970.
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excitation as an example. If we neglect the frictional
and iron losses, the output power is given by

P = LE.|

where I is the rotor current and Ey is the speed voltage
or back e.m.f.[11, Dissipation occurs only in the resist-
ance Ry of the rotor circuit, so

Pd = Irer.
It follows that
Ir2Er2 . Er2
9= VIR, ~ VR

The figure of merit ¢ is thus equal to the short-circuit
power E:2/R: per unit volume; the short-circuit power
is the power dissipated in a motor when its terminals
are short-circuited and it is driven externally, and is
a characteristic quantity of the motor. If we write
E; oc wrDrs, then g contains the speed of the motor
(which is proportional to wr) and the magnetic flux @y
that is produced by the permanent magnet and pene-
trates the rotor. The figure of merit

1=

|4

which represents the power dissipated per unit volume,
includes the thermal characteristics of the motor; A
depends on the permissible temperature rise and the
cooling.

For a given value of g, there is a certain value of 4
corresponding to a minimum in the cost of operating
the motor, since the expression for G/P given above,
which can also be written in the form

G o
— =g tl‘l'),
=1 (T + 8

has a minimum at

o
= W
The annual depreciation and the energy costs are
exactly equal at this minimum. The quantity g deter-
mines the magnitude of the costs per kilowatt at this
minimum, given the values of the external parameters
o, T, f and ¢.
The figures of merit g; and ¢ depend on a number of
parameters:
— the properties of the magnetic materials and the
conductors,
— the angular velocity wr of the motor shaft,
— the permissible increase in conductor temperature
above ambient AT,
— the cooling coefficient c¢x and
— the linear dimension L.
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In this article the relations between the figures of
merit and these parameters will be given in the form of
proportionalities. For L, these relations can be regarded
as scaling laws. A linear increase in scale, with no
change in the relative proportions, is assumed here;
this is not completely in accordance with reality, but
the changes in the relative proportions during scaling
may be regarded as a second-order effect. The areas are
therefore proportional to L?, and the volumes to L3.

This is of significance for the cooling. The simplified
thermal balance applies here:

Pg = cAT. Ay,

where Ay is the area of the cooling surface. If the power
dissipated per unit volume A is kept constant as the
scale is increased, the requirement

CKAT o L

follows. In practice, this requirement is at least partly
met. The cooling coefficient ¢x depends strongly on
the cooling method used (radiation, natural or forced
air cooling, water cooling). For small air-cooled mo-
tors ¢k could be 20 W/m2 °C, while for large turbo-
generators with conductors with internal water cooling
it could be 300 W/m2 °C.

The two figures of merit ¢ and g9, and their product
g, do not vary in the same way with the material prop-
erties and the dimensions for all motor types. Motors
are therefore divided into five classes according to con-
struction and materials used, and the relation between
the figure of merit and the parameters presented sep-
arately for each class.

For simplicity it is assumed here that the frictional
and iron losses can be neglected in comparison with
the losses in the conductors. |

Motors with a superconducting winding (class S)

Although motors with a superconducting winding
are still largely at the development stage, they should
be mentioned first because their figures of merit are far
superior to those of any other type of motor. The
superconducting winding generates a constant magnetic
field, in which a magnetic flux density of from 2 to 5
teslas can be reached; in non-superconducting ma-
chines, the effective flux density in the air gap is at most
0.8 to 1 tesla. The absence of iron in the superconduct-
ing magnet also makes the machines smaller and
lighter; this is one of the reasons why they are being
considered for marine applications. A type of motor
that is very suitable for the application of supercon-
ductivity is the homopolar d.c. motor (see fig. I). As
mentioned earlier, only large units can be considered
here, because of the expense of the construction and
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the cooling system. Superconducting generators for a.c.
current are being considered for powers exceeding
2 GVA, which could not be supplied from a conven-
tional generator [31.

In the derivation of the relations for g1 and ¢s, the
superconducting magnet can be simply characterized

they are made. The following proportionalities are
found 41:

g1 oC wrBoot (ckAT)*L?,
g2 oC (')rBu()'Ji(CkAT) iqu

q oc wr2Bool?.

Fig. 1. Superconducting motor for marine use, supplied from a superconducting generator
(in background). Both machines are of the homopolar type: the power is | MW. In this test
arrangement the load is a water brake (in foreground). The cooling unit is in the white cabinet
on the right. (Photo: International Research & Development Co. Ltd., Newcastle upon Tyne,
England.)

by the flux density By at the active conductors. The
energy taken by the cooling system is not taken into
account. The active, uncooled conductors are char-
acterized by the conductivity ¢ of the metal from which

If the dissipation per unit volume £, which is equal to
q1/qs, as we saw earlier, is assumed to be constant, then
cxAT oc L and the following simplified relations are
obtained:
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g1 o¢ orBootL, qs ocaonBootL, q oc m2BooL2.

These relations show how important it is to have a
high circumferential velocity (oc wyL). A limit is set
to this velocity by the strength of the material. The high
value of By obtainable with a superconducting magnet
is also seen to be important.

Motors with permanent magnets (class P)

Motors with permanent magnets (which include
synchronous motors and d.c. commutator motors) are
excited by a constant magnetic field, like motors of
class S. The same expressions can therefore be used for
the ¢’s, with the difference that By is now replaced by
By, the flux density produced at the active conductors
by the permanent magnet.

It is found in practice that there is a limitation with
the larger permanent-magnet motors because the
magnets are demagnetized when too-large reverse
fields are generated by the active winding. For this
reason, large d.c. machines are provided with com-
pensating windings that oppose the rotor field. The
limit to the increase in scale in the absence of a com-
pensating winding is denoted by Lmax.

The magnetic material is characterized by the second
quadrant of the hysteresis curve, the ‘demagnetization
curve’ (fig. 2). As a result of the demagnetizing effect
of the ends of the magnet, the magnetic field / in the
magnet in the absence of an externally applied field is
negative; the magnet therefore has its operating point
(H,B) in the second quadrant and it can be shown that:

B, o (—HB)*.

In static situations, as with loudspeaker magnets, the
ideal operating point is one for which the product —H B
(the magnetic energy per unit volume) has a maximum
value, so that the amount of magnetic material required
can be minimized.

With motors, however, this is not the optimum situa-
tion, because the external fields are appreciable here.
This is illustrated in fig. 3 with reference to a schematic
developed view of a d.c. motor with a permanent-
magnet stator. An external field Hex¢ is superimposed
on the field H in the magnet, and this reinforces the
demagnetizing field at some points. If the demagnet-
izing field exceeds the limiting field-strength Hyey, the
magnetic polarization J is reduced (see fig. 2, dashed
line). When the external field is removed, the polariza-
tion does not return to its original value, and the orig-
inal flux density is no longer obtained.

This can be prevented if the condition

|Hext| < H— Hrev

is satisfied. Now Hext oc Jy7, where Jy is the current
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Fig. 2. Solid curve: demagnetization curve for a permanent mag-
net. Br remanence. He coercive force. Dashed curve: correspond-
ing variation of the magnetic polarization J. s H. field-strength at
which the polarization J becomes zero. Hrey limiting field-strength
for reversible demagnetization.
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I,

Hext

Hrev—

Fig. 3. Schematic developed view of a d.c. motor with permanent-
magnet stator. N north pole. S south pole. The magnetic field
Hexi excited by the rotor is added to the magnet’s own demagnet-
ization field H in the magnet. In the shaded region, the sum of
these two fields exceeds the limiting field-strength Hyevy.

31 M. E. G. Hadlow, J. A. Baylis and B. C. Lindley, Super-
conductivity and its applications to power engineering, Proc.
IEE 119, 1003-1032, 1972.

J. C. Bittence, The superconductors are coming, Machine
Design 45, 26 July 1973, pp. 76-81.

H. Sequenz, Elektrische Maschinen mit supraleitenden Wick-
lungen, Elektrotechnik und Maschinenbau 91, 103-109, 1974
(No. 2).

These relations are derived in the appendices to: E. M. H.
Kamerbeek, Comparison between permanent-magnet motors
and other types of electric motor, Proc. 3rd Eur. Conf. on
Hard magnetic materials, Amsterdam 1974, pp. 214-224.

[4




120 E. M. H. KAMERBEEK

density in the conductors and 7 is the pole pitch. Hext
can therefore be limited by reducing the current den-
sity in the rotor or by choosing a larger number of
poles.

This is related to the question of the optimum op-
erating point (H,B) for motors. Various opinions have
been expressed in the literature [5], but the problem has
not yet been completely solved. The important point is
the criterion chosen for the optimization, e.g. a maxi-
mum for g1 or a minimum for «. If a maximum for g1
is taken as the objective, then the basic relations are:

ql oC JrLBp oC (H'— Hrev) (—HB)%L/T,

from which it follows that for a given L and 7, the
maximum value of g1 is found at an operating point to
the right of (—HB)max. '

The maximum linear dimension for uncompensated
d.c. motors then follows from the restriction on
Jrt o H— Hrev:

Lmax o PzHrevz/O'ckAT,

where the number of pole pairs p has been used instead
of the pole pitch. With given material properties and
cooling, the dimensions or torque of the machine can
therefore only be increased by increasing the number
of pole pairs. However, there is a limit to this increase,
since on reducing the pole pitch more lines of force will
pass directly from pole to pole without going through
the air gap twice.

Conventional motors with wound stator and rotor
(class C)

The conventional motors with current-carrying con-
ductors on both sides of the air gap include induction
motors and most large synchronous and commutator
motors. They all contain soft iron. The radial flux
density in the air gap is limited by the magnetic satura-
tion there. As long as the flux density has a value lower

Q
O)

N

I 7

T

Fig. 4. Stator and-rotor teeth of a reluctance motor (developed
view). T pole pitch. § air gap.
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than the saturation value Bgat, the following relations
hold for the ¢’s (6]:

q1 o< wro(cxAT) gL,

T
qe o< wro=L2,

0
T 2
q o« w,zaz(ckAT)(S) L3,

Here the ratio of pole pitch = to air gap d is an impor-
tant quantity.

The saturation flux density is reached when the linear
dimension exceeds the critical value:

Le o Buai/o(ckAT) (g)2

At saturation, other proportionalities hold for the g’s:

‘q]_ oC ersatU*(CkAT)*L*,
ge o€ wrBsato*(ckAT)LE,

q oC wrzBsa,tZULz. -

These expressions are surprisingly similar to those for
motors of classes S and P. Even when the saturation
flux density is reached it is found that the figures of
merit still increase with the dimensions so that scaling-
up is still worth while.

Reluctance motors (class R)

Reluctance motors have soft magnetic material on
both sides of the air gap, but a winding only on one
side. The part without a winding (generally the rotor)
has projecting poles on which the field in the air gap
exerts forces that combine to give a torque. Reluctance
motors are synchronous; they are often used as step-
ping motors. .

Fig. 4 shows part of a developed view of a reluctance
motor. It is assumed that the pole width is equal to half
the pole pitch, and that all stator poles are simultane-
ously excited and form an alternating series of north
and south poles. Reluctance motors — stepping motors
in particular — generally have a large number of poles;
the torque is at a maximum when 7/26 ~ 4, and it is
therefore assumed below that the ratio 7/d is constant.

If the system is not magnetically saturated, the fol-
lowing proportionalities can be derived:

q1 o< wro(ckAT)L,
qe o wroL?,
q o wro?(ckAT)LA.

These are the same relations as for class C if 7/d is
assumed to be constant.
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Magnetic saturation occurs above the critical dimen-
sion
Lc oC Bsa,tZ/O'C}(AT.

This proportionality is derived in the same way as for
conventional motors, with the reservation mentioned
above. At magnetic saturation:

g1 oC ersatZ,
g2 o wrol?,

qg oC wrzBsutZULz.

It can be seen that the power-to-weight ratio ¢i is
independent of the size of the motor; scaling-up there-
fore gives no improvement in ¢;. It is in fact easy to see
that the torque T of a reluctance motor is proportional
to B2L3 for a constant value of the geometrical param-
eter /4, since the force acting on the rotor is propor-
tional to the Maxwell stress [7] and hence to B2 The
force is also proportional to the surface area of the
rotor and since the torque is proportional to the radius
of the rotor as well, it must be proportional to L3. If
the constant value Bgyt is now taken for B, then the
power delivered w,T is proportional to the volume.

Hysteresis motors (class H)

Hysteresis motors do not usually have a winding on
the rotor either. In this case, the rotor is made of mat-
erial with a high magnetic hysteresis; the shape of the
hysteresis loop has a great effect on the characteris-
tics of the motor. The hysteresis motor is generally
used as a synchronous motor, but it also develops a
torque at speeds below the synchronous speed; it is
self-starting.

The magnetic-hysteresis effects in a hysteresis motor
are rather complicated: the magnetization vector not
only alternates, but also rotates. Under these condi-
tions, the hysteresis cannot be exactly calculated. In
general, however, the rotor consists of a ring of hys-
teresis material surrounding a core. If the core is of a
non-ferromagnetic material, then the lines of force in
the ring are mainly parallel to the surface, so that the
direction of the field is fixed and only its strength and
polarity can vary; the magnetization is almost entirely
alternating. If on the other hand the core is made of a
material with a much higher permeability than the hys-
teresis material, the lines of force are largely perpen-
dicular to the surface of the ring; here again the direc-
tion of the field is fixed, and the magnetization alter-
nates. Both constructions are found in practice; their
common characteristic is that the magnetization pro-
duced is mainly alternating, and we shall assume in the
following that this is the case. A
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The losses in the rotor will then be proportional to
the area enclosed by the hysteresis loop. If the material
is saturated this area is Anmax. If not, the hysteresis
describes a smaller loop; if the magnetic field-strength
has a peak value H, the area of the loop will be given
approximately by An & Anmax H?2/Hmax? The area
Anmax, Which is characteristic of the material, may be
assumed to be proportional to the product B.H,, and
Hmax proportional to He (see fig. 5).

Bmax

B
s

Fig. 5. Hysteresis loop, with the quantities Bmasx, Br, Hmax and He.

If the stator field is sinusoidal, as we assume here,
then the torque of the hysteresis motor is proportional
to the hysteresis losses in the rotor [11, It follows that
if magnetic saturation does not occur, the following
relations apply for the figures of merit of a two-pole
motor:

wro{C 3
1 T k H

B
gs € w0 FZLZ’

B2
g o wrlc2(cxAT) (—r) L3,
H,

(51 B. W. Wentworth and E. L. Ellis, Stabilization prediction for
permanent-magnet field motors and generators, J. appl. Phys.
37, 1143-1146, 1966.

J. R. Ireland, New figure of merit for ceramic permanent
magnet material intended for dc motor applications, J. appl.
Phys. 38, 1011-1012, 1967.

R. Fischer, Probleme der inneren und #uBeren Entmagnetisie-
rung im Felde permanenterregter Gleichstrommotoren, Elek-
trotechn. Z. A 89, 266-269, 1968. :

I6] The figure of merit g2 is identical with the ‘goodness factor’

introduced by E. R. Laithwaite: The goodness of a machine,

Proc. 1EE 112, 538-541, 1965.

E. M. H. Kamerbeek, Torque measurements on induction

motors using Hall generators or measuring wmdmgs, Philips

tech. Rev. 34, 153-162, 1974 (No. 7).
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If the material is saturated, thesé relations become: *

-+ q1 o wrBrHe, . )
i “gg oC (I.)rO'(Br/Hc)Lz, '

3

7 g o< woBfLR
This happens when a critical dimension -

c Le c ch/QQkAT. .

is exceeded. As in the case of the reluctance motor, the
power-to-weight ratio g1 of the hysteresis motor does
not inciease with the volume. This is easy to under-
stand, since the hysteresis losses, and hence the torque,
are proportional to the volume of the rotor. However,
the power-to-weight ratio does increase with the area
of the hysteresis loop. To obtain a large value of gz, it
is found to be advantageous to use a material with a
large value of Br/H,, i.e. with a tall and thin hysteresis
loop.

Conclusions

To provide a good overall picture of the situation,
the scaling laws for the three ¢’s are plotted in fig. 6a,
b and ¢, on the assumption that cxAT o L (A constant);
the scales are logarithmic. This figure is idealized, and
is only intended to give a qualitative picture. The dis-
continuities in some of the curves occur at the critical
dimension L¢ above which magnetic saturation occurs;
in practice, this will happen at an external motor diam-
eter of between 5 and 15 cm. The discontinuity in the
curves for class C is situated more to the right than for
class R, because the critical dimension is proportional
to (8/7)2, and conventional motors often have a larger
air gap then reluctance motors. The discontinuity in
the curves for hysteresis motors is even further to the
right, because the hysteresis material has a much lower
permeability than soft iron, so that the flux density does
not reach saturation so quickly. However, it should be
pointed out that these are general considerations; there
are exceptions. The initial and final points of the curves
give an approximate idea of the power ranges for
which the different types of motor are best suited.

A number of conclusions can be drawn:

— For all classes of motor, g1 oc wr, g2 o wr and
q oc w2 Increasing the speed is thus an important way
of reducing the costs of the energy conversion. The
circumferential speed is limited in practice to about
200 m/s; this limit is only approached in turbogenera-
tors, but then the rotor has to be forged in a single
piece to make it strong enough. As might be expected,
bearing problems arise at these high speeds.

— Classes S and C are superior for very large motors.
The g-values for class S are higher than for class C,

E. M/H..KAMERBEEK
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because:of the high flux density By (2 to 5 T).
— All classes except S are of interest for small motors.
For small and very small motors, the power-to-weight

- ratio and efficiency are better in class P than in classes

C, R and H. .o bt

The scaling laws for class P resemble those for
class S. This is not really surprising, since a permanent
magnet can be regarded as a superconducting magnet

Fig. 6. Variation of the figures of merit with the linear dimension
L. The discontinuity in some of the curves occurs at the critical
dimension L. at which magnetic saturation starts. a) The power-
to-weight ratio g1, b) the figure of merit g2, which is related to the
efficiency, ¢) g, the product of g1 and g2.
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at room temperature. However, class P motors are
subject to magnetic limitations: it would be desirable
to have higher values of B, H; and Hmax without too
great an increase in the cost of manufacture. If this
were possible, uncompensated class-P motors could
be made even larger. It is true that some of the com-
pounds of cobalt with the rare-earth metals do have
excellent magnetic properties, but these compounds
are still so expensive that they can only be considered
for miniature motors.

— Class R motors have a high power-to-weight ratio
g1 at only moderately large dimensions. If they are given
a large number of pole pairs for optimum design, they
require high-frequency a.c. current for normal speeds.
The savings arising from the high power-to-weight
ratio are completely or partly absorbed by this require-
ment. These motors are widely used as stepping motors,
where a more complicated power supply is necessary
anyway. :
— The hysteresis motor has a reasonably high efficien-
cy, but its power-to-weight ratio is always lower than
that of a permanent-magnet motor. While a hysteresis
rotor does behave like a permanent magnet at the
synchronous speed, it is a permanent magnet with a
lower H¢ than that of hard magnetic material. This
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means that more magnetic material is necessary for a.
given output power.

— In motors of classes R and H, but not in the other
types, the power-to-weight  ratio .g; does not in-
crease above the critical dimension L¢. This is because
these motors only have a winding on one side of the air
gap. The forces on the part without a winding depend
only on the flux density in the rotor material, which
reaches a limit at the saturation flux density. On scaling-
up beyond L, the ratio g1/ becomes steadily worse;
the motors become very heavy compared with those
of other types. This makes the purchase price high, so
that these motors are uneconomical, despite their high
efficiency. : :

Summary. Besides the technical requirements, costs are also im-
portant in determining the best type of motor for a given applica-
tion. The costs can be divided into two groups, one relating to
purchase, the other to consumption of energy. Two figures of
merit corresponding to the two groups are defined. The motors
are divided into five classes, and the variation of these two figures
of merit with a number of parameters, in particular the dimen-
sions of the motor, is shown for each class. The scaling laws
derived in this way are different for the different classes of motor:
some motors give optimum performance at large dimensions,
others at small ones. In some classes, magnetic saturation of the
iron or demagnetization of permanent magnets sets a limit to the
scaling range.
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Boron filament: a light, stiff and strong material

A. C. van Maaren, O. Schob and W. Westerveld

Philips produce tungsten wire in large quantities for their incandescent lamps. Tungsten

wire is also ideally suited as a core for boron filament, which has attracted increasing

attention in recent years as a basis for strong, stiff and light structural materials. It is

therefore not surprising that Philips have also given serious thought to the production of

boron filament. Research carried out at the Central Laboratories of the Lighting Division

has created knowledge that makes it possible to produce boron filament of very high

quality. Boron filament is approximately as strong as the strongest steel wire, twice as

stiff and three times as light. By embedding it with the appropriate orientation in an

epoxy resin, a structural material is obtained which combines high strength and stiffness

with low weight. The boron wire made by Philips has been used in an experimental

section for the cargo-hold door of a future space shuttle.

Introduction

Houses, cranes, gears and innumerable other large
and small structures have to be not just strong but also
stiff. The suspension bridge built over the Menai Strait
in Wales between 1819 and 1826 is strong but was orig-
inally not stiff enough: it swayed so much in gales that
the horses pulling the mail-coach could not keep their
feet. It was later stiffened and is still in use, carrying
modern traffic (11,

Strong and stiff structures require strong and stiff
materials such as steel. In the last twenty or thirty years
engineers have been concerned with discovering or
devising materials that are also light. The importance
of this last property becomes obvious when we consider

that in many bridges, cranes and vehicles the main load
carried is the actual weight of the structure itself; they
load. The
need for light and strong materials is even more vital
in aircraft and spacecraft.

It is now possible to make materials that are just as

are in fact much heavier than their useful

strong and stiff as steel but considerably lighter. These
are the modern reinforced materials sometimes referred
to as fibre or filament composites. They consist of
oriented strong and stiff filaments of one material in a
matrix of another tougher and more flexible material.
The situation is thus the reverse of that in traditional
reinforced materials such as reinforced concrete and

A. C. van Maaren and Dr O. Schob are with the Philips Lighting
Division; W. Westerveld was also with the Lighting Division until
his retirement in 1974.

(11 J. E. Gordon, The new science of strong materials, Penguin
Books, 1968. This paperback gives a very clear general
account of materials science.
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glass-fibre-reinforced polyester, where the bars and
fibres are in fact tougher than the matrix.

Only a few types of fibre or filament are suitable for
modern composites, and boron filament is one of these.
In its single-crystal form boron is, after carbon (dia-
mond), the element with the highest strength and stiff-
ness. Like diamond, however, it is also brittle and can-
not be drawn into filaments. Boron filament is there-
fore a composite (a ‘clad wire’), formed by depositing
boron on a wire core. Because of the high temperature
necessary for this process, the choice of core material is
very limited; as a rule, tungsten is used.

Philips are interested in boron filament, partly be-
cause the company itself produces large quantities of
tungsten wire and partly because of the importance
that Philips also attach to materials that are strong,
stiff and light. Some of the components in production
machinery, for example, are subjected to large forces
and accelerations. To acquire experience in this field
we undertook an investigation into the making of
boron filament with a tungsten core. The knowledge
gained has enabled us to produce boron filament of
previously unequalled quality quickly and reproducibly
on a laboratory scale.

This investigation forms the chief topic of the present
article. It is preceded by an introduction dealing with
the concepts of strength and stiffness, the effect of
faults in the material on strength, and strong filaments
and filament composites. The article ends with a de-
scription of how boron filament is made into a struc-
tural material and some examples of its application.

Strength and stiffness

Strength and stiffness are easily defined in the case
of a test bar in fension. If the bar is subjected to a
steadily increasing tensile load, strain first occurs, fol-
lowed eventually by fracture (fig. I). To begin with,
the deformation is elastic: the bar returns to its original
state when the load is removed. The strain &, i.e. the
relative extension Alfl of the rod, and the tensile stress
o are proportional to each other (Hooke’s law):

o = Ee. M

The proportionality constant E is the ‘stiffness’ or
“Young’s modulus’ of the material. Beyond a certain
extension the deformation becomes plastic: the bar no
longer returns to its original state when the load is
removed. The tensile strength of the material (oy) is the
tensile force at which the bar finally breaks, divided
by the original cross-sectional area.

A material can also be subjected to a shear stress,
and a stiffness constant and a strength can likewise be
defined for that situation.
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The important point about the new materials, just as
for steel, is that they can be loaded heavily in tension.
Materials that can accept compressive stress — such as
stone or concrete, which are strong in compression but
weak in tension — have been freely available since
ancient times. We shall therefore confine the rest of our
discussion to tensile-load situations.

Strength of materials in theory and practice

The strength found in a perfect single-crystal bar
subjected to a homogeneously distributed tensile stress
ought to depend entirely on the strength of the chemical
bond between the atoms. A measure of this bond
strength is the surface tension y (surface energy per unit
area). It can be shown that the ‘theoretical tensile
strength’ g4n is given approximately by:

Oth = Vm, (2)

where a is the distance between two adjacent crystal
planes, at right angles to the direction of tension, which
will be separated when the bar breaks.

The surface tension — a familiar concept and an
easily measured quantity for liquids — is a quantity
that can also be estimated reasonably well for solid
substances [2],

In the simple theory from which (2) was derived y
is proportional to E, so that o is proportional to
E/}/a. Materials that are both stiff and light (£ large, a
small) should therefore also be strong — an interesting
conclusion in view of the need for strong and stiff mat-

Opf————————— ——————

—_—

Fig. 1. The tensile stress o as a function of the strain & (the
‘stress-strain curve’) of a test bar with a tensile load (schematic).
The ratio o/e in the linear initial part of the curve is the stiffness
or Young’s modulus E of the material. The tensile force at which
the bar breaks, divided by the original cross-sectional area, is
known as the tensile strength (ot).



Philips tech. Rev. 35, No. 5 BORON

erials that are also light. There are a number of elements
in the second and third periods of the periodic table,
or compounds of these elements, e.g. B, C, B4C, SiC,
SizNy4, BN, AIN and Al>Os, which are light and very
stiff. The strength of the chemical bond in these sub-
stances is also apparent from their high melting points.

Equation (2) can be derived from some very simple argu-
ments [3] based on principles put forward by A. A. Griffith in
about 1920. If a bar is stretched, we add to it a strain energy of
Jode per unit volume. Since we are only concerned with an order-
of-magnitude calculation here, we shall assume for simplicity
that Hooke’s law continues to apply until the bar breaks. We
then have: fode = 4 €0 = % 02/E. The strain energy between two
crystal planes is thus $62a/E per unit area. As soon as this energy
starts to exceed the surface energy 2y of two fracture planes the
bar will break. From this we obtain equation (2) but with a factor
of 2 before the root sign. Closer examination shows that the
correct factor in front of the root sign also depends on the type
of bond in the material 41,

In spite of the theoretical predictions, the light and

stiff materials B, C, B4C, etc., in their normal forms are
practically incapable of withstanding tensile loads. The
strengths of other materials measured in practice also
remain far below the theoretical values given by equa-
tion (2). The theoretical strength oy, for steel is about
30 000 N/mm2. The strength of ordinary commercial
steels is only 500 N/mm?2, and that of very strong steels
(piano wires) 3000 N/mm?.
1920 A. A. Griffith 5] showed from an
experiment on thin glass fibres that the theoretical
strength is not simply a fictitious quantity. For the
theoretical strength of glass he obtained a value of
about 15000 N/mm?2. That of ordinary glass is about
200 N/mm2. Thin, newly drawn glass fibres, however,
are far stronger, and Griffith found that as his fibres
got thinner they also got stronger. Extrapolation to
zero thickness gave a value of 12 000 N/mm?2, which is
not so very far below the theoretical value.

The weakness of brittle materials such as glass, boron
and sapphire in their usual form must be ascribed to
the notch effect from scratches on the surface, cracks

In about

on the inside or, more generally, any irregularity in the
material. If a bar in tension contains a notch ( fig. 2),
the stress is not homogeneously distributed but is much
greater at the edge of the notch than the average stress
(stress concentration). Once the theoretical strength is
reached at this edge, the material breaks there, the
stress concentrates at the new edge, the material
breaks there again, and so the process continues.
Griffith calculated that a brittle bar with internal
disc-shaped cracks at right angles to the direction of
tension has a strength o, given by:

e = VEyle, (©)

where ¢ is the radius of the largest disc 6. If ¢ is one
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atomic spacing, o is equal to the theoretical strength
otn. Cracks of only 100 atomic spacings in Griffith’s
model will decrease the strength by a factor of 10.

In glass the sensitive place is its surface: if the surface
is carefully protected from damage, glass can be

Fig. 2. ‘Lines of force’ in a bar with a notch (schematic). The
direction and density of these lines indicate the direction and size
of the main stress. The bar has a tensile load in the longitudinal
(vertical) direction. There is a concentration of the lines of force
at the edge of the notch.

stronger than the strongest steel. Extreme strengths are
found in whiskers. These are thin, needle-like single
crystals (e.g. of AlxOg, SiC or graphite) in which,
because of the reduced volume, the probability of
irregularities is extremely small.

In metals an entirely different mechanism is respon-
sible for failure to attain the theoretical strengths. Since
the metal bond is relatively omnidirectional in nature,
atomic surfaces can slide relatively easily in relation to
each other through the movement of dislocations.
Under load, metals therefore often exhibit marked
plastic deformation (flow) before they break: they are
to a greater or lesser degree ductile. Metal whiskers are
also relatively strong owing to the absence of disloca-
tions. In boron, graphite and the other light, stiff, non-
metallic materials mentioned, dislocations cannot move

21 See for example B. F. Ormont, Dokl. Akad. Nauk SSSR 106,
687, 1956, and Zh. n’eorg. Khimii 3, 1281, 1958.

31 See the book by J. E. Gordon 11, pp. 68 fT.

(41 A. Kelly, Strong solids, Clarendon Press, Oxford 1966, p. 11.

[51 A. A. Griffith, Phil. Trans. Roy. Soc. A 221, 163, 1920.

(6] See A. Kelly 4], p. 45.
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because of the covalent and hence markedly directional
nature of the atom bonds.

However, while ductility is the weak feature of a
metal, it is also its great advantage, since the cracking
process is halted as soon as it occurs because plastic
deformation evens out the stress concentrations at the
edge of the crack before local fracture occurs.

Plastic deformation (flow) and brittle fracture (pro-
pagation of cracks) are theoretically possible in any
material. Which of the two processes occurs in a
particular case will largely depend on the temperature
and the nature of the deformation.
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of the types now under investigation. To illustrate the
properties of boron filament we have compared its
strength oy and stiffness £ with those of some other
strong filaments and fibres in Table I. The specific
strengths o/p and specific Young’'s moduli £/p are also
shown (p is the density). These are appropriate figures
of merit for assessing the quality of strong, light and
stiff materials.

Steel is a good, if not the best, representative of metal
filaments. It is strong and stiff but heavy. Tungsten and
molybdenum are just as strong, considerably stiffer but
also much heavier. Of the metal filaments, beryllium [7]

Fig. 3. Fracture surface of a boron-epoxy composite. The fracture clearly started at the fila-
ments. It can also be seen that the adhesion between the filaments and the matrix is very good.

Strong filaments and filament composites

The glass fibres and whiskers referred to above
furnish striking examples of the fact that materials at-
tain their greatest strength in the form of thin filaments.
In a nutshell, this is because it is only in this form that
the perfect state can be very closely approached. This
more or less perfect state may be monocrystalline
(whiskers), polycrystalline (graphite filament) or
amorphous (glass, boron filament).

The production of very strong materials must there-
fore be based on filaments and boron filament is one

Table 1. Tensile strength o¢, Young’s modulus £ and density o of
some filaments and wires, together with their specific strength
ot/o and specific stiffness E/o.

0 E 0 ai/o Elo
103 105 103 105 107
N/mm?2 | N/mm?2| kg/m3 | Nm/kg | Nm/kg

Steel 4.2 2 7.8 5.4 2.7
Beryllium 1.3 2.4 1.8 7.0 13
Quartz glass 6.6 0.73 2.2 30 3.3
Graphite 25 2:1 2.0 13 11
Boron 3.0 3.8 2.6 12 15
SiC whiskers 21 4.9 3.2 66 15
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also merits some attention because it is so light; un-
fortunately it is toxic and very expensive. Glass fibres
are strong and light but not stiff. The quartz-glass
fibre included in the Table is the strongest of the glass
fibres.

Of the filaments that are strong, stiff and light,
graphite filament and boron filament are the only ones
now being tested on a wide scale for various aeronaut-
ical and aerospatial purposes. Like boron, graphite
cannot be drawn into filament. Graphite filaments are
obtained by heating filaments of organic material in an
inert atmosphere under a tensile load and thus car-
bonizing them (8],

Whiskers are by far the strongest form of any mat-
erial. However, unlike steel or boron filament, they
cannot be made in lengths exceeding several centi-
metres; this means that special processing is required,
which will not be discussed here.

Construction with individual filaments is difficult.
Structural elements — strips, sheets, struts, tubes —
can be produced by embedding the filaments in another
material, the carrier or matrix. In the resultant ‘com-
posite’ the matrix protects the filaments or fibres from
damage and also ensures that forces are distributed
evenly over the filaments. The maximum advantage
can be derived from the filaments if they are kept
parallel and as close as possible to each other over the
entire length of the structural element by a strongly
adhesive matrix. The resultant elements are strong and
stiff in one direction and can be combined to form
units that are strong and stiff in a number of directions.
Epoxy resin is a suitable matrix for boron filament,
largely because the adhesion is so good (fig. 3).

The similarity between modern composites and the
older ones such as reinforced concrete or glass-fibre-
reinforced polyester is only superficial. The now gen-
erally accepted designation of ‘reinforced materials’
for the modern composites is not in fact a very appro-
priate one, since these are not really materials that are
reinforced by filaments — like reinforced concrete —
but very strong filaments embedded in a matrix.
Moreover, the wires or bars in older materials often
act as ‘crack-stoppers’: cracks in the matrix stop short
at the filaments. The original rather brittle materials
thus acquire a certain toughness. In modern com-
posites, on the other hand, the matrix is usually tough-
er than the filaments which are not intended to stop
cracks. This difference can clearly be seen if we attempt
to break glass-fibre-reinforced polyester and a boron-
filament/epoxy composite. Since glass has a relatively
large strain and boron filament relatively little strain,
the fracturing process starts from the matrix in the
first material and from the filaments in the second
(see fig. 3).
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Fig. 4. Schematic representation
of the production of boron
filament. Tungsten wire (W) pas-
ses through a reduction chamber

O

and then through two boron-
deposition chambers. The wire is Y
electrically heated; the mercury -
traps (M) also provide contact 2 —
with the wire. The wire is cleaned H.
in the reduction chamber and 2
boron is deposited on it in the {_
subsequent two chambers. B the ———
finished boron filament. *«
M/ PR o

L H, +BCly

Y

b

2]

5 H2 +BC{3 +HCl

The manufacture of boron filament

Boron filament is made by heating a tungsten wire
electrically in a gas mixture containing a boron com-
pound. The gas reacts at the wire and deposits boron
on it. In our investigations we used wire temperatures
ranging from 950 °C to 1320 °C and a gas mixture of
Ha and BCls. The reaction at the wire produces both
solid boron and gaseous HCI. Only about 109 of the
expensive BCls is converted to boron in this reaction.
Efficient recovery of the unused BCls lowers the cost
of boron filament considerably. ’

Our best results were obtained with a continuous
production process in which the tungsten wire first
passes through a reduction chamber and then through
a number of boron-deposition chambers ( figs.4 and 5).
The reduction chamber is included for cleaning the

[?1 N. P. Pinto and J. P. Denny, Metal Progress 91, No. 6, 107,
June 1967. ’ ’

81 M., M. Tang and R. Bacon, Carbon 2, 211 and 221, 1964.
W. Johnson and W. Watt, Nature 215, 384, 1967, and New
Scientist 41, 398, 1969. ) o
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Fig. 5. A battery of boron-deposition reactors in which boron filament was produced continuously for several months.
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Fig. 6. a) Longitudinal section through a boron filament in which
the boron is amorphous. b) As (a), but with crystalline boron.

Strong filaments are invariably amorphous. Filaments of
crystalline boron are weak. The sections were photographed with
a polarizing microscope, which makes the structure in (b) visible.

surface of the tungsten wire. The chambers are sealed
to the gas mixtures by mercury traps through which
the tungsten wire passes. These traps also act as the
electrical connections for the heating current. The
current, and hence the temperature of the wire, can thus
be adjusted separately for each chamber. The diam-
eter of the incoming tungsten wire is usually 12.5 um
and that of the outgoing boron filament 100 pm.

There are three vital factors involved in this process:
the variety of the boron modifications, the manner in
which the boron coating begins to form and grows, and
the formation of tungsten borides in the core. We shall
now refer to these factors in explaining how to obtain
the best boron filament.

Boron modifications

The surface of a strong boron filament has a ‘corn-
on-the-cob” structure (see the photograph on the title
page). Examination of the boron wire by X-ray dif-
fraction shows that the boron is practically amorphous,
with no diffraction lines. This modification is meta-
stable, tending to change to a crystalline modification
with poor mechanical properties ( fig. 6). Below 300 °C
the rate of change is completely negligible, so that
there is no danger of recrystallization if the finished
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Fig. 7. T-v diagram (7 temperature, v wire speed) with lines
showing where filaments with a diameter of 25, 30, ... 60 um
occur in an experimental boron-deposition chamber of length
25 cm. The lines were obtained by interpolation between diam-
eters found at four wire-feed rates and six temperatures.
Filaments formed at temperatures in the grey region above the
dashed line exhibit a surface containing crystalline regions (fig. 8)
and are always relatively very weak.

filament is not used above that temperature. However,
at a temperature of 1000 “C the filament would recrys-
tallize within a minute.

Our investigations revealed that in the production of
boron filament there is a critical temperature for the
wire. Below this temperature only the desired amor-
phous form occurs, while above it the unwanted crys-
talline modification also occurs. With the wire station-
ary the critical temperature is 1000 °C. In a system in
which the wire moves the critical temperature is higher
and increases with the speed of the wire. Fig. 7 shows
the combinations of wire temperature and processing
rate that were necessary to produce filament of a par-
ticular diameter in one of our experimental boron-
deposition chambers. Filaments formed in the region
above the dashed line are relatively weak and include
patches of an abnormal structure ( fig. 8) where the
material has recrystallized. The explanation for this
connection between critical temperature and wire
speed is evident: the boron is obviously deposited
in the amorphous condition and the faster it is re-
moved from the chamber, the higher the permissible
temperature.

Fig. 8. The surface of a filament formed at a temperature above
the critical temperature (the grey region in fig. 7). The boron in
the patches of different structure is crystalline (-rhombohedral).
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In our tests with various boron-deposition chambers
we found no conditions in which strong amorphous
boron could be obtained at a wire temperature exceed-
ing 1320 °C.

The fact that the critical temperature increases with
increasing wire speed is of great importance in practice,
because the strongest wires are obtained at the highest
temperature (below the critical temperature, of course),
and the temperature may clearly be high if the wire
speed is high enough. Running the wire faster will also
speed up the production and hence reduce costs.

Nucleation and growth of nodules

The creation of a corn-on-the-cob structure like that
shown in the title page, with large nodules, probably
takes place in the following way. When a particular
part of the wire enters the boron-deposition chamber,
boron nuclei form at its surface. These grow in all
directions until they cover the entire surface of the
wire, and then they all grow in a radial direction until
that part of the wire leaves the chamber. Every nodule
is derived from a single nucleus.

Impurities in the surface of the wire or in the gas
mixture lead to irregular formation of nuclei and
hence to ‘activated” growth of (fig. 9).
Appreciably larger smooth nodules then form at the
surface ( fig. 10). Filaments in which this development
is observed are always relatively weak (o¢ less than
1500 N/mm2). Flaws of this kind can be avoided by
carefully cleaning the wire and the gas mixture before-
hand.

In general, a higher formation temperature produces
a stronger filament. The filament in fig. //a was made
at 1230 °C and has a tensile strength of 4000 N/mm?.
The one in fig. 11+ was made at 970 “C and its tensile
strength is 1500 N/mm2. The weaker of these two
filaments does not have the large perfect nodules of
those seen on the title page, but a finer structure. The
explanation is simple. It can be seen in fig. 7 that for
the same processing time thicker filaments are formed
at higher temperatures, i.e. the growth rate increases
with temperature. If the number of nuclei formed per
second is approximately constant, the growth of
nodules at a low temperature will not keep pace with
the formation of nuclei and growth will therefore keep
starting again from new nuclei. If the gas mixture con-
tains too much BCls, filaments of the type illustrated
in fig. 115 are also formed at high temperatures; the
rate at which nuclei form is evidently faster in that

nodules

case.

The filament temperature must therefore be as high
as possible provided it does not exceed the critical
temperature ; in other words, it should be just below the
critical temperature. If for example a boron filament of
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Fig. 9. Longitudinal sections through filaments with activated
growth of nodules, @) starting from the tungsten substrate wire,
b) from an imperfection in the boron layer.

diameter 100 pm is to be made from a tungsten wire of
diameter 12.5 pm, it is impossible to achieve this, even
approximately, for all parts of the growing filament if
the process is limited to a single boron-deposition
chamber. This is because boron is a conductor at the
high temperatures necessary here, so that the current
density and hence the temperature in the thick filament
at the lower end of the chamber would be much lower
than in the thin filament at the top. It would therefore
be impossible te deposit good-quality filament at the
top and bottom of the chamber simultanecously. This
is why the process is split up between two boron-
deposition chambers (see fig. 4); the layer typically
grows in diameter from 12.5 to 40 um in the first and
from 40 to 100 um in the second.

Formation of tungsten borides in the core

The strength of a filament in which these various
defects (figs. 8, 9, 10 and 11b) have been successfully
avoided is determined by the core. During the pro-
duction of the filament a transition area of tungsten
borides is formed between the tungsten core and
the boron layer, and in a broken boron filament it

Fig. 10. Surface of a boron filament in which activated growth
(fig. 9) has occurred.
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Fig. 11. a) Surface of a boron filament made at 1230 "C. b) As (a),
but at 970 "C. The tensile strengths of these filaments were 4000
and 1500 N/mm? respectively.

is often possible to distinguish radial cracks that have
this region ( fig. 12).
The negative influence of the core has been clearly
demonstrated by tests in which extremely high tensile
strengths (7000-11 000 N/mm?) have been attained by
etching the core away 91,

By etching layer after layer from filaments and carry-
ing out X-ray-diffraction analyses after every etching,
we have found that the transition zone contains the

obviously been initiated in

entire range of tungsten borides —Ws2B, WB, WsBj;
and WB4. As would be expected, the W2B occurs close
to the tungsten core, the WBy close to the boron layer.

The boride W2B behaves rather differently from the
others. If 2W is made to react with B to form W»B, the
atomic volume increases by no less than 509/ 1101, Thus
when W»oB forms, the core expands and easily causes
cracks in the boron coating. When the other borides
are formed, the atomic volume decreases by about 20 %,
or less. Here the contraction of the core tends to pull
the boron coating more tightly together, until it sep-
arates: this improves the strength of the filament. The
absence of W2B in the cores of very strong filaments
confirms this.

As long as there is some tungsten remaining in the
core the whole series of borides will continue to be
formed during the production of the filament. Conse-
quently, to eliminate the W32B, the formation of
borides must be allowed to continue until first the
tungsten and then the W2B have completely disap-
peared. This means that the process temperature must
be made as high as possible and the processing time as
long as possible within the range permitted by the con-
ditions discussed above.

In principle, theelimination of the W2B can be made
more effective by starting with a very small quantity of
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tungsten, i.e. with a very thin wire. We made boron
filaments starting from tungsten wires of various diam-
eters and tested the resultant tensile strengths. The
thickness of the finished boron filament was chosen in
each case to give a density of 2.6 g/cm?. The results are
shown in Table I1. The filaments are indeed stronger
with thinner substrate wire. Unfortunately, 6-pm diam-
eter tungsten wire is so much more expensive than
the usual 12.5-pm wire that the increased strength can
only be obtained at appreciably higher cost.

Table II. Tensile strength oy of boron fibre as a function of the
diameter of the tungsten substrate wire (@y). The diameter of
the boron filament (@g) is selected in each case to make the
density of the finished filament equal to 2.60 ~ 103 kg/m3.

Oy (um) | Op (Lm) oy (103 N/mm?)
6 50 4.75
8.9 70 4.09
12.5 100 3:75
18 150 2.90

Fig. 12. Cross-section of the core of a boron filament. Starting at
the centre, we have first tungsten, then various tungsten borides
and finally boron. Radial cracks spread from the core, through
the transition region consisting of borides, into the boron.

We also approached the boride problem in quite a
different way — by depositing a layer of SiC on the
tungsten wire ahead of the boron, thus forming a dif-
fusion barrier between the tungsten and the boron. We
did indeed manage to eliminate boride formation com-
pletely, but we were unable to deposit a layer of good-
quality boron on the SiC.

9 'R. Kochendérfer and H. Jahn, Kunststoffe 59, 859, 1969.
[101'R. P. I. Adler and M. L. Hammond, Appl. Phys. Letters 14,
354, 1969.
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The strength of boron filament

The tensile strengths that we find in the filaments we
have produced can be divided into three ranges clearly
associated with the factors discussed above. The very
weak filaments containing crystalline boron (fig. 8) will
not be considered here.

We find strengths  of than
1500 N/mm?2 mainly in filaments in which activated,
irregular growth has occurred (fig. 9). This appears as
large smooth nodules at the surface (fig. 10), and can
be attributed to irregularities such as thickness varia-
tions in the substrate wire or contamination on the
substrate or in the gas.

We find tensile strengths between about 1500 and
3200 N/mm? mainly in filaments of the type illustrated
in fig. 115, in which, for some reason or other, nodule
growth has lagged behind the formation of the nuclei,
so that a perfect corn-on-the-cob structure is not ob-
tained.

Finally, in filaments that are stronger than
3200 N/mm? the strength is limited principally by
crack formation starting from the core as a result
of the formation of tungsten borides. In the strong-
est filaments there is no W2B in the core, as we saw
earlier.

To summarize, we have successfully produced strong
boron filament of homogeneous quality, on a labor-
atory scale, in a continuous process in reactors with
two boron-deposition chambers. Flaws of the kinds
illustrated in figs. 8, 9, 10 and 11b were avoided in the

tensile less about
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Fig. 13. Making in strips one
filament thick (‘pre-pregs’) a
boron-epoxy composite.

process by starting from tungsten wire with a thorough-
ly clean and smooth surface, and by a correct choice of
the temperature, speed of the wire and composition of
the reaction gas. The strength of the filament then
obtained is at least some 3200 N/mm2. We can also
make filaments of appreciably greater strength (about
5000 N/mm2) reproducibly, but only at much greater
cost because of the much more expensive 6-pm tung-
sten wire that then has to be used.

Incorporating boron filament 